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1. Introduction. — In a number of papers certain statistical problems 
have been investigated connected with solutions of the partial differential 
equation: 1) 

7) ov ov 

(1) F. st. 0 ay =» dy? 

This equation can be considered as the simplest analogue of the hydro- 

dynamic equations and can be used as a kind of model system, exhibiting 

some of the properties observed in hydrodynamic turbulence and referring 
to the correlation function for the values of the velocities in neighbouring 
points. 

The analogy of equation (1) with the hydrodynamic equations is due 
to the fact that it contains a non-linear term with a space derivative of 
the first order, and a linear term with a second order space derivative, 
the latter being multiplied by a very small positive factor ». The equation 
refers to a single variable v, which is considered to represent the velocity. 
The equation does not include anything to be compared with the effect 
of a “pressure” depending on a density which in its turn is influenced by 
the spatial variations of the velocity. The question presents itself whether 
an extension is possible which may remedy this deficiency. 

The possibility of solving eq. (1) in such a way that an attack upon 
the statistical problem could be made, was a result of the circumstance 
that it can be reduced to a linear equation. However, many features of the 
asymptotic solution for small y had already been obtained with the aid 
of a direct procedure 2), the applicability of which depended upon two 
features of eq. (1), viz.: 

(a) the first order equation obtained by neglecting the term with » 
has characteristics the course of which is not influenced by the 
development of the field with time: these characteristics are straight 
lines with an inclination determined by the values of v given for t=; 


1) These Proceedings B 57, 45-72, 159-169, 403-433 (1954). 
2) See these Proceedings 53, 247-260, 393-406 (1950). 
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(b) the “shock relations” valid for a nearly discontinuous solution make 
the speed of the shock front equal to the arithmetic mean of the 
values of v on the two sides of the front. 

It appears that similar properties hold for the following system of two 
simultaneous partial differential equations: 


ou, Ou 2, 0 , , du 

(2a) Se ee 
do NER 
(2b) Bae > Rae 


where w and w have been used instead of v and y. In this system y again 
is a very small (positive) constant, while « is a (positive) constant of 
arbitrary magnitude. The system (2a)—(2b) can be considered as a some- 
what closer analogy to the equations for the one-dimensional motion of a 
compressible gas than eq. (1). There still is an important difference from 
the dynamical point of view: although the variable o can be taken to 
represent a density which depends on the velocity distribution through 
the equation of continuity (2b) and which influences the motion in con- 
sequence of a certain ‘‘pressure’’ derived from it, it has no inertia effect. 
This may not be visible at once, since eq. (2a) may be multiplied by o, but 
the form of the viscous term which is then obtained, is different from the 
viscous term appearing in the hydrodynamic equations. The meaning of 
this feature will be discussed below in sections 8 and 9, where it will be 
seen that it affects the behaviour of the “shock waves” in such a way 
that it is no longer possible to apply the methods which can be used with 
the system (2a)—(2b). 

The system (2a)-(2b), therefore, is no more than a formal mathematical 
system. Nevertheless, it is worth while to pay attention to it. Its advantage 
over (1) is that, when the term with » is neglected, a first order system is 
obtained which has two sets of characteristics. similar to the two sets 
occurring in the motion of a gas. The particular form chosen for (2a)-(2b) 
ensures that these two sets have courses independent of the development 
of the field: the characteristics again are straight lines, with inclinations 
depending on the initial values of u and 0. Moreover the speed of a shock 
front appears to be given by the arithmetic mean of certain wave speeds in 
the immediately adjacent regions. The two properties together make it 
possible to obtain the asymptotic solution corresponding to a given initial 


state with the aid of a geometrical construction again involving parabolas 
contacting certain curves. 


2. Properties of the system (2a)-(2b). — So long as the derivative 2u/dx? 
is of normal order of magnitude, we can neglect the term » (d?u/da?), 
Writing g=«o, the equations can be brought into the form: 

ou ou op 


wp ip ou 
ET Mae +P 5g = 0, 


3 
from which, by addition and subtraction: 


(3) stwsg) el wsy)=0. 


It follows that there are two sets of characteristics: 


(4a) u—gy=constant along the curves dz/dt=u—9q; 


(4b) u+g=constant along the curves dz/dt=u+ @. 


Evidently both sets of characteristics will be straight lines. 

Discontinuities appear when characteristics of the same set run 
together, leading to the formation of a “shock wave’’. To find the speed 
of propagation V(t) of a shock front we return to the complete equations 
and make use of the approximate relation 0/d¢ = —V(d/dx) valid for the 
sharp gradients in the neighbourhood of such a front. Equations (2a)—(2b) 
then take the form: 


7, OU Sor O08 8 10a. 
(veg Bales cataret 
ye Oe 

tu Vs ro- = 0 


Since V {is independent of x, these equations can be integrated, giving: 
: 2 
4(u—V)} + barge =» = + const. ; 
o(u —V) = const. 


When these relations are applied to regions A and B, at such distances 
from the shock front that the term with » can be neglected, we obtain: 


(5a) (ug—VP +0704 =(u —V)* + 07 08; 
(5b) Oy (ha V) = op(Ug— Vv): 
These formulae constitute two relations between 5 variables. A solution 


for V, corresponding to the presence of a single shock wave, is possible 
only when u,, 04; Ug, 0, Satisfy a certain relation. From (5b) one easily 


finds: 
U,—0,U 0, (u,—U,) 

(6) oes BAA 44. yy, —V = 24+; ty-Ve= “- 
Op C4 Op 24 ez Q4 


Q4 (u,—U,) 


Substituting these expressions into (5a) we arrive at the condition: 
(7) U4 —Ug = + 0 (04 — On) = + (Pa — Ys). 

The choice of the sign will be considered in the next section. With the 
—sign we find: 

( [Ug + Ps = Up t+ Ps; 

(V = Ug — Pp = Up — Ps = 3 (U4 — Pa + Up — Pz); 

and with the +sign: 

( a= P= he AP Bs 

UV =u + 95 = Ue + Ga = (Ua + Pa t+ Ue + 5). 


(8a) 


(8b) 


+ 


It is seen that in each of the two cases one set of characteristics con- 
tinues through the shock front. The other set is discontinuous. In each 
case the shock front speed appears to be the arithmetic mean of the wave 
speeds connected with the non-continuous set of characteristics. — For a 
picture of the course of the characteristics in the neighbourhood of a 
shock front we refer to fig. 2, in which two shock fronts are represented 
as they follow from the considerations of the next section. 


3. Wave motions appearing between two regions with different velocities 
and densities. — An instructive example which can be treated with the 
aid of the relations deduced in the preceding section, refers to the wave 
motion appearing between two regions with different velocities and densi- 
ties. We suppose these regions to be homogeneous; at t=0 they are adja- 
cent, with region no. 1 in the physical plane to the left of region no. 2. 
The values of u and g in the two regions will be denoted by 2, 01; Us, Oo, 
respectively. 3) 

Except in the two particular cases where one of the relations (7) is 
satisfied, a third region ‘‘i” is formed between the regions 1 and 2, with 
values u;, 9;. The value of uw; may be either greater or smaller than one 
or both of the values w,, us. 

When u,>,, an expansion wave appears between the regions 1 and i; 
this expansion wave represents a continuous phenomenon and all inter- 
mediate states between 1 and i are obtained. When u;<Uy, a Compression 
wave will appear, which by its nature is discontinuous: apart from a 
transition region with a thickness of order », intermediate states between 
1 and 7 are practically absent. 

In both cases the wave motion in domain 1, which is to the left of t, 
must be directed towards the left with respect to the moving gas. It 
follows that in the case of an expansion wave the pattern is determined 
by characteristics with inclination da/dt= u—qg; along each of these 
characteristics u—@ has a particular constant value. The characteristics 
of the other set, with inclination dz/dt=u+q, cross the firstmentioned 
set; along each characteristic of this second set u+g has the same value, 
equal to u,+,, since all these characteristics come from the (homo- 
geneous) domain 1, Consequently, in the domain occupied by the expansion 
wave the following relation holds: 


Ut Py =UtP=U+H 
In the case of a compression wave, propagation to the left with respect 
to the moving gas requires V<w, V<vup. It then follows from (6) that 


0;—e, must have the same sign as u,—u, (positive), so that in eq. (7) we 
must use the —sign. Hence again: 


(9) Ut Py =U, + Y. 


*) The corresponding problem for the motion of a gas has already been treated 
by Rimmann; compare e.g. B. Roemann—H. Wener, Die partiellen Differential- 
gleichungen der mathematischen Physik 2, 480-488 (Braunschweig, 1901) 
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In both cases the state u;, py, is connected with the state w,, p, by the 
same relation (9). In a wu, p-diagram this relation can be represented by a 
straight line sloping upwards to the left under 45°. 

A similar consideration applies to the relation between the states 2 
and 7, with 2 to the right of 7. In both cases the wave motion in domain 
2 must be directed towards the right with respect to the moving gas. An 
expansion wave appears when u;<u,; a compression wave when u;> Us. 
With the latter we must use the +sign in (7). It is thus found that in 
both cases, expansion and compression, we obtain the relation: 


(10) Ui— Pi = Un— Pa, 


which can be represented by a straight line sloping upwards to the right. 


Fig. 1. wu, g-plane; #, expansion wave; C, compression wave (shock wave). 


The state u,, p;, consequently can be constructed in a simple way when 
the states u,, y, and u,, PY, have been given. One finds: 


( UW, = (Uy + Py t+ Un— Po) 


11 
oe ( p= FU, + G1 — Un t+ Y2)- 


Depending upon the situation of state 1 with respect to state 2 in the 
u, g-plane, four cases are possible, three of which have been indicated in 
fig. 1: two expansion waves, two compression waves, or one of each type, 
with either the expansion wave between 1 and 7, or the compression wave. 
Generally there is an expansion wave between 1 and 7 when u,—¢, <U,— 9p; 
and there is an expansion wave between 2 and 7 when u,+9,<Ug+ 9%. 
Since negative densities must be considered as impossible, we conclude 
that in certain cases a domain with zero density will appear, separated 
from the domains 1 and 2 by expansion waves. This occurs when: 


(12) Uy + Py— Ug t Yo <9. 


A picture of the sets of characteristics as they appear in an 2, t-plane 
(the physical plane), for a case in which there are two shock waves, is 
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given in fig. 2. Characteristics with dx/dt=u—qg have been indicated by 
full drawn lines; the other set of characteristics is indicated by broken 
lines. A corresponding representation has been used for the traces of the 
two shock waves. It is seen that one shock wave trace arises out of 
converging w—qg characteristics, which terminate on this trace; at the 
same time the trace is traversed by the w+ q characteristics, which do 
not suffer any deviation from their course. The other shock wave arises 
out of converging w+ characteristics, and is traversed by the w— 
characteristics. — In the interior domain the characteristics have slopes 
determined by u,—9,=Ug—G, and u,+9;=U4+ 94. 
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Fig. 2. x, t-plane. Shock waves appearing between two adjacent homogeneous 
regions, no. 1 to the left of A. no. 2 to the right of A. 


Crossing of shock wave traces. — A more complicated case is pictured 
in fig. 3, where it has been assumed that we have three homogeneous 
domains at ¢=0, separated by the points 4 and B. Conditions are supposed 
to be such that shock waves appear both at A and at B. 

Nothing particular happens at the point # of the diagram, where two 
Shock waves of different character meet each other. Since each shock 
wave leaves uninfluenced the characteristics out of which the other one 
arises, the shock waves continue their courses with unaltered speeds. 
In the domain beyond EZ we have: 


When shock waves of the same character meet, as for instance at C, 
they combine into a single shock wave. The speeds of the three waves 
are as follows: 

trace AC: 4(t4—$,+t—g) 
trace BC: 4(u,—,+U3—z) 
trace beyond C: 4(u,—¢,+us—q,). 


vi 


“ it tea : 

When a shock wave meets an expansion wave, its trace becomes curved. 
Examples can be worked out with the aid of simple formulae, but will not 
be treated here. 


Fig. 3. 2, t-plane. Shock waves appearing between three homogeneous regions. 


4. Geometrical construction of the solution of eqs. (2a)-(2b). — In order 
to find the values of w and at a given point 2, ¢ of the field, the initial 
values being given for all «, we must determine which characteristics 
pass through this point. These characteristics transmit towards x, t the 
values of w—q and u+@q, which they select from the initial data; hence u 
and g can be obtained by addition and subtraction. In the case where 
more than one characteristic of the same set passes through the point 
z, t, it must be found out which of these characteristics shall be discarded, 
so that only the proper one shall be left over. The same applies when more 
than one characteristic of the other set passes through 2, ¢. 

The determination of the characteristics and the elimination of the 
superfluous ones can be carried out by imagining a parabola: 


(13) 8,(&) =(§—a)?/2t+ constant, 


which glides over the curve: 
é 
(14a) 8(€) = —J(uo—%o) 45"; 
0 
and a similar parabola, with the same values of x and t, but with a different 
additive constant, gliding over the curve: 


g 
(14b) (6) = — f(g 90) dE". 


0 


8 


In (14a) and (14b) wy and g, represent the values of w and @ as given for 
t=0; under the integral signs they are treated as functions of the auxiliary 
variable &’. 

To prove the first part of the assertion we observe that, when by a 
proper adjustment of the additive constant in (13) it has been obtained 
that the parabola s, (with given values of x and t) touches the curve s, at 
a point &, we have: 

ds/d& = (&;—x)/t = —(Up—Go); 
from which: 


(15a) w= E+ (Ug—Po)xt. 


This means that the point «, ¢ lies on the characteristic with slope (w—q@p); 
starting from the point £, of the «-axis. When by another adjustment of 
the additive constant (with the same values of x and ¢) the parabola Sy 
touches the curve s,, at the point Ey, we have, similarly: 


(15b) @= Fy + (Uo + Go)nr t, 


meaning that the point 2,¢ also lies on the characteristic with slope 
(Uj+Po)n Starting from the point &, of the a-axis. 

It is possible that by properly adjusting the values of the additive 
constant we shall obtain several points of contact with the curve 8}, OF 
several points of contact with s,. In order to eliminate the superfluous 
points we introduce the same condition as was found to be decisive in the 
solution of the equation (1), viz. that the parabola shall never cross the 
curve 8, nor the curve 8, so that, apart from the point of contact, it shall 
always remain above the curves. 4) 

In general for a given value of ¢ (provided it is not too small—see below 
in section 6) certain values of a can be found for which the parabola will 
make contact with the curve 8; (or with the curve s,,) in two points simul- 
taneously, while everywhere else sit remains above the curve. The values 
of x obtained in this way indicate the positions of shock waves in the 
field, for the given value of ¢. 

For certain special values of ¢ it may occur that one can find one or 
more values of a for which the parabola makes contact with s, (or with 
8) in three points simultaneously, while again it remains above the curve 
everywhere else. In such a case two shock waves run together at the point 
x,t, in the way as was indicated at C or D in fig. 3. 


*) Compare the papers mentioned in footnote 1), p. 59 and p. 161. 


(To be continued ) 
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5. Some examples may serve as an illustration of the rules given. 
Consider the case where initially there are two homogeneous domains, 
with values w,, ~1; Us, P2, a8 before; the point of contact between these 
domains may be taken at a=0 (for t=0). In this case each of the two 
curves s, and s,, will consist of two straight segments, with slopes: 


(for-s,) —(u,—9,) ; —(U%,—2); 
(for sy) —(%+9,) ; — (Uy + Po). 


When the slope decreases for both curves (so that s, and s,, are convex 
towards the upper side), the parabola can make contact with all points 
of the segments. However, for a certain domain of values of # (not the 
same for s, and s,,) the point of contact will be situated at the corner point. 
This is reached first on s,. For a given ¢ we obtain 5 different stages, 
which can give rise to two types of pattern: 


A. When —(u,+9,) < —(U2—¢), the 5 stages are as follows: 
(a) both Sears Agutr to the left of the corner points: 
Dt 9 UA P= Wa Py, 
(b) contact with s, at the corner point; contact with s,, to the left 
of the corner point: 
Uy — P< U—P <Ug— Yn 3 UT PHT AL 


(c) contact with s, to the right of the corner point; contact with s,, to 
the left of the corner point: 


tO = g—O, 5 Ut P= Uy Pi; 
(d) contact with s, to the right of the corner point; contact with s,, at 
the corner point: 
U—P=Ug—Pp > Ut Pr<UtP<Ust Pe > 
(ec) both contact points to the right of the corner points: 
U—P=Up—Po 5 UT P=UsT Pa - 
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Stage (a) corresponds to state 1; stage (b) to an expansion wave; state 
(c) to the intermediate state ‘2’? with values of w;, y; as given by form. 
(11); stage (d) corresponds to an expansion wave; and stage (e) corresponds 
to state 2. 

B. When —(w+ 9) > —(Ug—G.), the contact with s,, will reach the 
corner point before the contact with s, has moved to the right of the 
corner point, and in stage (c) both contacts will be made at the corner 
points. Since the axis of the parabola is fixed by the value of x, the slope 
of the tangent at the point of contact is the same for the parabola gliding 
over the corner point of s, as for the parabola gliding over the corner point 
of s;;. This makes u—p=u+@; hence y=0 for the values of x which give 
rise to this situation. In this case there is a region of zero density (compare 
what was observed in connection with eq. (12) in section 3). 

Let us next suppose that the slope of both curves (s,; and s,,) increases 
at the corner points, so that the curves are concave towards the upper side, 
For sufficiently large negative values of x the contact points will be situated 
on the segments to the left of the corner points. When x moves to the 
right, none of these contact points will reach the corner point: before 
this can happen a double contact will arise, and the contact point jumps 
over to the segment to the right of the corner point. It can easily be shown 
that this occurs first for the contact with s,;. In this case we obtain the 
following 3 stages: 


(2) both contacts to the left of the corner point: 


U—P=Uy—GQ, ; U+M=Uu,4+9,; 
(b) contact with s, to the right of the corner point; contact with 
8, to the left: 
U—P=Ug—P, > U+P=U%+9,; 


(c) both contacts to the right of the corner point: 


Stage (6) now represents a state “i”, which is separated by shock waves 
from 1 and 2; the situation corresponds to what was pictured in fig. 2. 
The jump from stage (a) to (5) oceurs at: 


© = $(Uy—Y + Uy— Gq) t, which is equal to 4(u,—9, +u,—9,) t; 
the jump from (b) to (c) at: 
T= F(U, +9, +Uy +) t, which is equal to 3(u,+ pj +Ug+ qo) t; 


These expressions confirm the formulae for the speeds of the shock waves 
obtained before (eqs. 8a, 8b). 

: ; 

Cases where one of the curves Sy, 837 IS Convex upwards and the other 
one concave upwards, can be treated by the same method; also cases 
with three consecutive initial domains, ete. 
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6. The results can be generalised for curves s,, s,, having arcs with 
finite curvatures instead of straight segments separated by corner points. 

Now assume that d?s,/d&* = —d(uy—q)/dé is everywhere finite. When 
d(Ug—o)/d& nowhere should be negative, there is no possibility for the 
occurrence of a double contact between the parabola and the curve s,; 
neither will there be a possibility for intersection of characteristics 
belonging to the set with slope w—g. — When negative values of d(uyj—,)/dé 
do occur, suppose that everywhere —d(uy—q)/d&< A. The parabola will 
then have a single contact only so long as t<1/A. The abscissa of the point 
of contact increases monotonously with w and in every point 2, ¢ there 
is obtained a single characteristic of the set w—q, with a uniquely defined 
value of w—qg. When a similar limit can be given with reference to the 
curve s,,, then, so long as ¢ is below both limits, the values of uw and 
will be uniquely defined at a, ¢ and there will be no shock waves. 

When ¢ exceeds the value 1/A, double contacts between the parabola 
and s, will make their appearance. °) Each appearance of a double contact 
eliminates a part of the s,-curve as having become unfit for contact with 
the parabola. This means that the corresponding part of the x-axis will no 
lonzer send its values of w—g into the field: certain characteristics have 
be2n eliminated. This corresponds exactly to what is done by the shock 
wave, at the trace of which these characteristics find their termination. 
It will be seen that the historic sequence of events referring to the contacts 
made by the parabola with s, is the same as the historic sequence of events 
referring to the intersections occurring with the set of characteristics 
with slope u—@ and to the shock waves originating from these inter- 
sections: in both cases we have the same process of elimination of 
characteristics. 

To prove that we obtain the proper shock wave speed, we write z= Uy—o 
and assume that the relation between w)—q and & (the coordinate along 
the x-axis for t=0) can be represented by: °) 


= —](2) 
In the integral (14a) we must substitute &' = —f(z); this gives: 
¢, = —Jzdé! =x (dfldz) de=2f()—J fle) dz 
At a point where the parabola (13) touches the curve s,, we have 
—€—x = —tz, from which: 
f@)=tz—«. 
When the parabola (13), with fixed values of z,t and additive constant, 
makes contact with s, in the points 1 and 2, elimination of the constant 


leads to: ts 
4 1(z—2) = Za f (2a) — 24 1 (21) — J f(z) dz 


5) Compare the second paper quoted in footnote 1), p. 162, footnote Dr 
6) In general f(z) will be a multi- valued function, whereas its inverse, z as a 


function of &, will be single-valued. 
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which relation can be transformed into: 


The value of x determined by this relation gives the position of the shock 
wave at the instant ¢. Since the integrand is zero at the limits yy Ops 
variation of ¢ leads to a variation of x determined by: 


(16) ’ = 620/8t= (a +29), 


which is the same as (8a). 

As mentioned before, for certain special values of ¢ the parabola can 
make triple contacts with s, for some particular values of a. For ¢ slightly 
smaller than such a special value, there will be two separate parabolic 
ares, each making a double contact; for ¢ slightly larger there will be a 
single arc only, making a double contact. This means that when ¢ increases 
from the slightly smaller value to the slightly larger one, the intermediate 
contact point disappears — a situation which corresponds to the coales- 
cense of two shock waves into a single one, as was pictured in fig. 3. 

Since the two sets of characteristics (with slopes u—, u + ¢, respectively), 
together with the traces of the shock waves corresponding to each one of 
these sets, are independent of each other, the identity of the historic 
sequence and the validity of (16) can be considered as a proof that the 
geometrical construction making use of a parabola contacting s; and s,, 
from above, without intersection, gives the proper development of the field, 

Hence we have arrived at the result that the state of the system governed 
by equations (2a)—(2b), for any value of ¢ can be found directly by means 
of a geometrical construction, without the necessity of paying attention 
to intermediate stages, similarly as was the case with the simpler system 
governed by equation (1). 


7. Remarks on the statistical problem. — The geometrical construction 
shows that there is a gradual elimination of contact points when ¢ becomes 
larger, since larger ¢ makes the contacting parabola flatter. This means 
that there will be fewer shock waves in the field, at greater distances from 
each other. Can anything be said about their average distance, when the 
initial data uw, @ are given as random functions of a, subject only to 
some statistical specification ? 

It seems likely that this problem can be re-stated in a similar Way as 
had been done in the previous papers referring to the simpler system 
defined by equation (1). We start with a given parabola and ask for 
instance what is the probability that curves sy, obtained from a random 
collection of functions U(x), P(x), shall contact this parabola in two 
points ? . 

There is a difference from the former problem in so far as 8, 1s obtained 
by an integration of the difference of two functions, one of which (Up) can 
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take both positive and negative values, which in many cases can be 
considered as equally probable; whereas the other function (q,) can take 
positive values only (and perhaps zero values). This makes the calculation 
of the moments of the distribution function for s, a more complicated 
problem. Moreover, since the mean value of ¢ is a positive quantity, the 
curve s, will have a positive mean slope. The effect of this mean slope, 
however, when its value is known can be eliminated without great 
complication. 

The evaluation of the statistical problem will not be attempted here: 
it is considered more important first to make a comparison of the mathe- 
matical system (2a)-(2b) with the equations of motion for a gas. ”) 


8. Comparison with the equations of gas dynamics. — The equations for 
the one-dimensional motion of a gas, with the density and the ordinary 
coefficient of viscosity w at their proper places, have the form: 


: eo eee ee SE 

(17a) o(S wae ~*) et sia sie = 
0 | oe ow 

(17b) ta meee 


When these equations are compared with the system (2a)-(2b) the 
following points call for attention: 

(I) In general, the pressure p is a function of the density @ and of an 
other variable, for which we may take the temperature 7’ or the entropy S. 
For adiabatic motions the second choice is the more convenient one, since 
the entropy remains constant as long as the motion is continuous (assuming 
that yu is sufficiently small). However, the entropy increases when shock 


7) The statistical problem has been considered here exclusively with reference 
to the “initial value problem’’, 7.e. for the case where values of w and p have been 
given as functions of « for t = 0. It is possible also to consider the case where the 
data refer to what happens along the t-axis, at x = 0, from where influences are 
propagated for instance along the positive x-axis towards infinity. 

Since for the system considered here the characteristics with slope wv — p are 
independent of those with slope wu + 9, it is possible to assume that throughout 
the whole field: w — p = —@p, where gp is some (positive) constant. From the physical 
point of view this means that no perturbing influence is coming into the system 
from infinity, where the density is supposed to have a constant value Q,), so that 
Po = %Q- Evidently in this case it is possible to give only a single datum along the 
t-axis, for instance the value of u(t) for v7 = 0 as a function of ¢. 

We then find that the inclination of the w+ @ characteristics is determined by 


Ur Se [w(t) + P(E) ctor 2=0) = 2u(t) + %- 
As this must be a positive quantity in order that influences may be propagated 
into the field towards the right, it is necessary to suppose that w(¢) satisfies the 
condition : ? 
U(t) cor 2=0) — — 2 Po- 
A new statistical problem can now be formulated if u(t) is a random function 
of t, subjected to this condition. 
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waves are formed. The consequence of this circumstance is that in the 
general problem we have to do with three sets of characteristics: two 
connected with the ordinary wave motions, and one, given by the paths of 
the elements of volume, of importance in following the behaviour of the 
entropy. This introduces a great complication. 

In certain cases it is permissible to discard the complication intro- 
duced by entropy changes, since these are small when there are only weak 
shock waves. 

Another case with only two sets of characteristics is that where the 
temperature of the gas is artificially kept constant (necessitating the 
inflow or outflow of heat). This case may be a useful approximation for 
certain forms of behaviour of the interstellar gas, where the temperature 
is largely influenced by radiation processes and where the assumption of 
a constant temperature apparently is not too bad. 

The cases where the pressure can be considered as a function of the 
density alone have been treated by RreMANN, as-was mentioned in foot- 
note 3). 

(II) Accepting ‘as a simplifying assumption that p can be considered as a 
function of @ alone and following RimMann’s investigation, we assume a 
relation between p and g of the type: 


] 
(18) p =- «*o" + constant, 


where « is a constant and n an adjustable exponent. We introduce the 
function: 


n— 


2 2 
\ 9 (0) = — athe (when nx + 1) 
(19) 


or 
ES =alno + const. (when n = 1), 


The first order equations obtained when 4 is replaced by zero, can then 
be written: 


ou ou n—l_ Ww 
3 ae eee oe 
op op , n—l ww 
af 8 gee ae 


from which by addition and subtraction: 

rn) n—1 ra) 
(20) (a+ (wt + ?) =| (ut 9) =0. 
It follows that there are two sets of characteristics: 


(21a) “—p=constant along the curves dzx/dt= u—}(n—1) oy; 
(21b) u+p=constant along the curves da/dt=u+ +(n—1) g. 


The characteristics determined by these relations are not straight lines; 
they have forms dependent on the way in which the field develops. The 
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typical difficulty introduced into the problem by this feature is overcome 
by Rimmann’s method of integration, which is based upon the use of 
quantities y»=u—g and ?=u-+ @ as independent variables, in terms of 
which a and ¢t must be found. However powerful this method can be in 
cases where exact initial conditions have been given, it seriously hampers 
the solution of the statistical problem as we have stated it for a definite 
value of ¢. 

The only case in which the difficulty does not appear is the one deter- 
mined by n=3. For a gas where the relation between pressure and density 
can be represented by the formula 


(22) p = + «03+ constant, 
in which case: 
(22a) p= xo 


as before, the characteristics again become straight lines, with a slope 
determined by the values of wu and @ at their starting points on the z-axis 
for t=0. Hence for a gas with such an equation of state, the characteristics, 
at least in domains where the motion is continuous so that no shock 
waves appear, follow the same rules as the characteristics for the system 
(2a)—(2b). 

(III) There is, however, still a difference in the behaviour of shock 
waves, dependent on the form of eqs. (17a)-(17b). When again use is 
made of the relation d/d¢ = —V(d/dx) for a shock wave propagating itself 
with the speed V, (17a) is transformed into: 

oO CaO 0 /4u du 

ee ee ae 

from which, by integration between two states A and B and making use 
of (22): ; 


(23) 04 (%, —V)? + 4.070% = 03(Uz —V)? + 4 x7 05. 


Equation (5b), obtained from the equation of continuity, remains valid 
and so does eq. (6). However, instead of (7) we obtain the following 
relation which must be satisfied by u,, 0,4; Ug, Qy in order that the states 
A and B shall be separated by a single shock wave: 


(24) Us, —Up = + &(04 — Oz) V1+ (04 Spo olos- 


This can also be written: 


(24a) Uy — Uy = + (Ps — G2) V1 + (Pa — G2) /3 G4 PB - 
9. Consequences of equation (24). — The construction in a u, g-diagram, 


Cig 


described in section 3 and serving to find the intermediate state ‘s 
between two given states 1 and 2, can be applied also in the present case, 
provided the straight lines defined by (9) and (10) are used only for 
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densities smaller than those in the states 1 or 2; while for densities above 
these values they must be replaced by curves deduced from eq. (24) or 
(24a). Some illustrations are given in fig. 4. 


Fig. 4. uw, y-plane; #, expansion wave; C, compression wave (shock wave). 


As before, with domain 1 in the physical plane to the left of “i”, the 
wave motion between 1 and ‘i’? must propagate itself to the left with 
respect to the moving gas. When w,>u,, there appears an expansion wave, 
and relation (9) holds as before, with 9;<9,. However, when Uz<U,, & 
compression wave appears for which V<w, and also V<u,. In view of 
(6), @;—@, must be positive and we must use (24) with the minus sign. As 
before, the shock wave trace in this case results from the convergence of 
characteristics with inclination «—qg. The characteristics with inclination 
u+@ intersect the shock wave trace from left to right, but now they are 
affected by the passage, since (24a) gives: 


(25a) U+Pi=h+t V1—(%i—Y) {V1+4,—]}, 


where A, =(~;—9,)?/39,9,. This means that the direction of these char- 
acteristics in the x, t-plane is altered. 

A similar result is found for the wave motion between the domains “i” 
and 2 (to the right of ‘i’’), which must propagate itself to the right with 
respect to the moving gas. When w;,<ws, an expansion wave appears and 
relation (10) holds, with @;<g,. On the other hand, when w;> us, a com- 
pression wave appears, for which V>u,> uy. In view of (6), now e,—o, 
must be positive and we must use (24a) with the plus sign. The shock 
wave trace results from the convergence of characteristics with inclination 
w+; the characteristics with inclination u—y cross this trace from right 
to left but in doing so their direction is altered, since now: 


(25b) U,— Pi = Ua— Po + (Pi— Gp) {V1 + A,—l}, 


where A,= (Via) /BViPo. 

It is thus seen that the directions of the characteristics are influenced 
by the development of the field as soon as shock waves make their 
appearance. This makes it impossible at the present moment to devise a 


Ih? 


method which gives the state of the system for a given ¢, without con- 
sidering the history of the shock waves in the system. Moreover, the 
position of the shock waves no longer can be obtained by means of a 
parabola, making double contacts with the curves s, and s,, as described 
before. 

It is found that when a shock wave, finding itself at some point a, ¢, 
terminates two characteristics with slopes u,—p, and u,—@,, its speed is 


(26a) V =4(u,—94,+Ug—P3)—a positive amount; 


while if it terminates two characteristics with slopes u,+@, and u,+9z;, 
its speed is 


(26b) V=#(u,+94,tUgt+Hs) +a positive amount. 


In a sense one can say that the shock wave moves more rapidly than 
corresponds to the results given by the construction with the doubly 
contacting parabola, and some form of “advance warning’ would be 
required to find which characteristics by their intersection determine 
the position of a shock wave (and find their termination on it). 

Crossing of shock wave traces. — An analysis of what happens when two 
shock waves meet, or when shock waves and expansion wave systems meet, 
can be made most easily with the aid of the wu, p-diagram. Before the 
waves (or wave systems) have met, we have three domains, say 1, 2, 3 in 
the order from left to right (as they are found in the physical plane); 
after the meeting domain 2 will have disappeared and in general a new 
’ domain 4 will appear between 1 (to the left) and 3 (to the right). A 
construction of the type indicated in fig. 4 completely determines the 
state in domain 4. 

We mention the following cases: 

(2) When two shock waves of different character meet, they will pass 
through each other, but their speeds in general will be changed. 

(b) When two shock waves of the same character meet, it is found that 
after their crossing we are left with one shock wave and one (relatively 
weak) expansion wave. 

(c) When a shock wave and an expansion wave system cross, assuming 
that the shock wave is sufficiently strong to cross the expansion wave 
system completely, there are two cases to be considered: (cl) shock 
waves and expansion wave have the same direction of motion relative 
to the gas, the shock wave overtaking the expansion waves— in this 
case the shock wave will be reduced in strength, but a second (relatively 
weak) shock wave makes its appearance at the same time; (c2) shock 
wave and expansion waves move in opposite directions with respect to 
the moving gas—in that case we obtain one shock wave and one expansion 
wave after the crossing. 

(d) When two expansion wave systems cross, we are left with two similar 
systems. 

2 Series B 
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Hence it is possible that a new shock wave will arise, in a way which 
could not be directly foreseen from the initial data. The words “‘relatively 
weak” used above mean that these waves do not appear when eq. (24) is 
replaced by (7); hence they are absent in the system described by eqs. 
(2a)—(2b). 


The result of these considerations is that the form of the ‘“‘viscous 
term”’ in the equation of motion has a decisive effect upon the behaviour 
of the shock waves in the system. 

It thus has become evident that the method of solution and the method 
for attacking the statistical problem, developed in connection with 
equation (1), can be extended to a system with compressibility effects and 
with two systems of characteristics only in the case where the “viscous 
term” has the form appearing in eq. (2a). With the form presented by 
eq. (17a) on the other hand, this is no longer possible, even when we make 
use of an equation of state as given by (22). 

It should be observed, however, that if we restrict ourselves to cases 
where the shock waves are of small intensity, the difference between (24) 
and (7) becomes small. The system (2a)—(2b) will then give a good approx- 
imation to the system (17a)-(17b). Since in general the strengths of the 
shock waves decrease in the course of time, we can accept that this con- 
dition, if it is satisfied for t= 0, will remain valid for all t, with continually 
increasing accuracy. In so far as this is the case, the system (2a)—(2b) 
can serve as model for compressible turbulence, illustrating the effects of 
the density which did not appear in the previous model as described by 
eq. (1). Perhaps in some later paper we may come back to the part played 
by the density in the statistical properties of this system. 
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A CONTRIBUTION TO THE CALCULATION OF SURFACE 
CONDENSORS. I 


BY 


H. W. VAN TIJEN 


(Communicated at the meeting of November 27, 1954) 


1. Introduction 

Surface condensors are as a rule calculated by the methods, usual for 
heat exchangers. 

The heat to be extracted from the steam, Q;, and the cooling-water 
inlet temperature ¢,,, will be given. For the cooling-water quantity W,, 
and the cooling-water velocity inside the tubes w, practice indicates 
_ suitable values. The cooling-water outlet temperature é,,, is then easily 
calculated. Using an appropriate formula, the mean temperature difference 
At,, between the steam and the cooling-water is determined next. After 
the assumption of a heat transfer coefficient k, adapted to the cooling- 
water velocity and -temperature, the cooling-surface of the condensor is 
calculated with the formula: 


(1) Aa ae 


This method of calculation is analogous to that, used for heat exchangers 
for liquids or non-condensing gases. No account is taken of the fact, that 
in surface condensors the heat-losing medium—the steam —condenses, 
and, as such, disappears. In doing this, it is quite possible that its con- 
densation is, at least substantially, completed within a part only of the 
cooling surface, which part will then be larger or smaller according to 
the loading of the condensor. 

To calculate beforehand the performance of a condensor design, not 
only at full but also at reduced loads, it therefore appears necessary to 
dispose, beside the heat transfer coefficient, of an empirical correction 
factor for the loading, such a correction factor can for instance already 
be found in the well-known work of Sropoa [1], (page 743). 

Another example is furnished by a diagram, approved in 1932 by six 
leading American condensor manufacturers, that was adopted later by 
the Heat Exchange Institute of New York, and that is reproduced here 
in our fig. 1 [2]. Apart from the influence of tube diameter, cooling-water 
velocity and cooling-water temperature on the heat transfer coefficient, 
the influence of the condensor loading is, in this diagram, indicated by a 


“loading curve’. 
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Fig. 1. Condensor design data from ‘‘Power’’, 1932 


With regard to the heat transfer from the steam to the condensor tubes, 
and from the condensor tubes to the cooling-water, many extensive and 
scientifically coordinated experiments have been made in the past years. 
The values of the heat transfer coefficients, recommended for practical 
condensor designing, however, amount only to ab. 60 % of the values, 
theoretically possible according to the results of these experiments. No 
quantitative explanation is given for this discrepancy. The resulting 
necessity of the use of a correction factor brings into the calculation an 
element of empiricism, which, if possible, one would like to see avoided. 

That the surface actually used in condensation varies—more or less 
also under the influence of the air content of the steam—with the condensor 
loading, and that this variation influences the usual heat transfer coefficient, 
was of course realised long ago. Thus, in the important treatise by Guy and 
WINSTANLEY in 1934 [3], reference is made to the “redundant surface” at 
lower loads, but no account is taken of this reduction of surface in their 
calculations. On the other hand, in 1929, Perry [4] tried to evaluate the 
extent of the active surface by measuring the cooling-water temperature 
half-way the condensor, without, howeyer, attaining a generally applicable 
method of calculation. 

In the following study an attempt is made to obviate the imperfection 
mentioned above. 

The first object will be to develop a method of calculation, based on 
theoretically justifiable heat transfer coefficients, by which the performance 
of a given condensor under all possible conditions (of cooling-water velocity, 
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cooling-water temperature and condensor loading) can be predicted with 
the use of one single ‘“‘condensor coefficient’, in case the performance of 
this condensor under one set of conditions is known, or can be estimated 
satisfactorily. 

A second aim will then be a method for calculating beforehand this 
‘““condensor coefficient” from the known particulars of the condensor design. 


2. Measurements on surface condensors, Nomenclature, Bibliography 


The applicability of such a method of calculation, differing considerably 
from the usual one, must of course be checked with the results on actual 
condensors. To be of use, however, these results must have a high degree 
of accuracy. Of very large cooling-water quantities the weights per hour 
and the average temperatures at inlet and at outlet must be measured 
exactly. The exact determination of the (statical) pressure of the steam 
when entering the condensor is very difficult, due to the irregular flow 
pattern of the steam at entrance and the high steam velocities (up to 
500 ft.p.sec.). The same applies to the pressure losses on the steam side 
of the condensor tubes, that must be entered into the calculation, and 
that may be less than 0,2 inches Hg. 

The measurements, made during the usual acceptance tests of surface 
condensors are, more often than not, for our purpose too incomplete and 
too inaccurate. 

It is a fortunate circumstance, that in the technical literature we find 
published the results of an extensive set of tests on a big surface condensor 
of modern design. We here refer to the publication, in 1936, by Ir Gu 
vAN Hencet [5], bearing upon the testing of the surface condensor of a 
50.000 K.W. turbogenerator in the powerstation Delray No. 3 of the 
Detroit Edison Company. These tests, probably the most extensive to 
which a surface condensor has ever been subjected, covered a period of 
nearly one year. During this period 88 tests were made, at widely varying 
conditions of operation. The inlet cooling-water temperature varied from 
32 to 75° F, the velocity of the cooling-water in the condensor tubes from 
3 to 7 ft.p.sec., and the load on the turbogenerator from 20.000 to 
50.000 K.W. For each of the 88 tests 170 different items were measured. 
Of 31 tests the complete results have been published. The new method of 
calculation was, first of all, checked with these results. A diagrammatical 
cross-section of this condensor is shown in fig. 2. 

A second set of tests, suitable for our purpose, although not as numerous 
and complete, was published in 1927 by W. M. Ssxtvey for a duplex- 
condensor of older design of 35.000 sq.ft. total cooling surface in the 
Valley Road powerstation at Bradford, England [6]. The new method of 
calculation was also checked with the results of these tests. A diagram- 
matical cross-section of one of these condensors is shown in fig. 3. 

A list of used symbols and their dimensions is given in Appendix I. 

An abridged bibliography is given in Appendix II. 
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3. Results of condensor tests checked with the data of the diagram, fig. 1 

Before going further into the matter, it was considered desirable to 
check the results of the condensor tests, mentioned in par. 2, with the data 
available from the diagram, fig. 1. 


condensate {4 


Fig. 2. Cross-section of condensor at Delray 
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For this purpose, for each of the tests at Delray and at Bradford, the 
heat transfer coefficient was calculated, first as is to be expected from the 
curves of fig. 1, and after that, in the usual way, from the measurements 
during the tests. For each of the tests, both results are represented by one 
point in the diagram, fig. 4. 
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Fig. 4. Results of condensortests checked with the data of the diagram, fig. 1 


The scattering of the points with reference to the 45 deg. equality line 
shows clearly, that the curves of fig. 1 can give a poor approximation 
only of what actually happens in a surface condensor. 


4. Active cooling surface, Assumptions 
Fig. 5 shows diagrammatically the interior arrangement of a surface 
condensor, with an indication of the pressures and temperatures in the 


most important zOnes. 
The usual method of calculation assumes, that the total cooling surface 


is active for the condensation of the steam. 
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As a rule, it is also assumed that on the steam side of the tubes the 
steam temperature is constant throughout, and equal to the saturation 
temperature, corresponding to the statical pressure of the entering steam 
(4, and p,, in fig. 5). 


Fig. 5. Pressure- and temperature-zones in a surface condensor 


The well-known formula of Grasnor for the determination of the log. 
mean temperature difference with counter-flow then reduces to: 


(2) 1 re ea et 
2.3 log ——+* 
1s—l2w 

For the sake of completeness it must be mentioned here, that Guy and 
WrystaNney [3], for the determination of At,,, reckon with the pressure-, 
and consequently the temperature drop of the steam in the tube bank, 
Thus two steam temperatures are entered by them into GrasHor’s 
formula. They further reckon with the fact, that in a steam condensor 
both media do not move in “counter-flow’’, but in “cross-flow”, which 
again complicates the formulae considerably. It is, however, questionable 
how far by these refinements the actual process of condensation is 
approximated better than with the more simple formula (2), see also the 
extensive discussion, following [3]. 

Van Henae [5] has tried to coordinate the results of his tests by five 
different methods, and he finds the least scattering of his points by relating 
what he calls the 
(3) “inlet resistivity” ly sq.ft. °F. hr/BTU 


t 
to the RrEyNoxnp’s number Reis. 
The applicability of the resulting satisfactory curve remains, however, 
restricted to the type of condensor under consideration, and the direct 
connection with the theoretical heat transfer figures is lost. 
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In this study we will start from the following assumptions: 
1) The components of the resistivities to heat transfer have the full 
values, following from the results of the respective scientifically 
coordinated experiments. 


2) The condensation of the steam is—at least substantially—completed 
within an “active” part of the cooling surface. 
3) The condensation within this active surface takes place at a constant 


average temperature f,,, being the saturation temperature corresponding 
to a constant average pressure p,, (see fig. 5). 

4) After the condensation has been substantially completed within the 
active part of the cooling surface, the steam-air mixture is further 
cooled in the remaining part of the cooling surface, and eventually in 
the air cooler. When entering the suction pipe of the air-pump, the 
temperature of the mixture has been reduced to ¢,, and the pressure 
to p, (see fig. 5). 

5) The condensate is drawn off at the underside of the condensor (‘“‘hot- 
well’) at the temperature ¢,. 

6) The pressure drop on the steam side originates exclusively in the 
active part of the cooling surface, and is expressed by: 


(4) Ap, = P2s— Ps: 


5. Condensate temperature t,, condensing temperature ty, 


With older condensor designs, where the passage of the steam to the 
underside of the condensor is blocked completely by the tube bank (as 
in fig. 5, and also in fig. 3), it is, as a rule, observed that the condensate, by 
flowing over the lower condensor tubes, is “undercooled” by several 
degrees below the saturation temperature ¢,,, corresponding with the 
(statical) inlet pressure /,,. 

With newer condensor designs, as shown for instance in fig. 2, the steam 
is given an opportunity to reach unhampered the underside of the condensor 
and the condensate, by which arrangement this undercooling is partly or 
totally obliterated. 

It has been proved by accurate measurements that with such modern 
condensors the condensate temperature can be considerably higher than 
t,,, Which phenomenon can be explained by the conversion into pressure 
(and temperature) of the high velocity v,, of the entering steam (see 
van Hencew [5], fig. 5 and 6). 

With the same high velocity the steam also enters the tube bank. On 
the surface of the tubes, thus immediately before condensation, this 

velocity has been reduced to a very small value ’). We therefore cannot 
be much in error, when we assume that in the tube bank, immediately 


1) With a condensor loading of 8 lbs/sq.ft.hr. and an absolute pressure of 1,0 
inches Hg f.i., the steam approaches the tube wall with a velocity of 1,45 ft.p.sec. 


only. 
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before condensation, the entering velocity of the steam has been converted 
similarly into pressure and temperature. For our calculations we may 
therefore, for modern condensors, assume: 


(5) to, =t,. 


When analysing the results of condensor tests, this equivalence has the 
further advantage that (as pointed out already by van HENGEL [5]), f, can 
be measured very accurately, as contrasted with p,, or #,,, the values of 
which may vary considerably over the inlet surface in connection with 
the irregular flow pattern of the entering steam. 

For condensors of older design, where undercooling must be expected, 
form. (5) is of course not applicable. In calculations we may assume here: 


(6) tp, =t,,+4 to 6° F. 


6. Velocity head of the entering steam, h, 

Let the velocity of the entering steam be v,,, as an average over the 
inlet surface A,. 

The corresponding velocity head is calculated with the formula: 
vey 


h, = —, in lbs/sq. ft. 
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For the calculation of this velocity head, and also for other calculations 
following, we may, for absolute pressures between 0,2 and 2,0 inches Hg, 
make a profitable use of the following approximation of the weight density 
of saturated steam: 


(8) y=1,5 p-108, 


Using this approximation, equation (7) can be rewritten as: 


2 100 A, — LAT , (Weal 1000)? 
$ p zB a 


We have remarked already that the flow pattern at the surface of entry 
A, is, as a rule, very irregular due to the change of direction of the steam 
after leaving the turbine, and that this hampers considerably an exact 
determination of the statical pressure p,, and the (average) velocity head h,. 

However, when analysing the measurements by van HENGEL at 
Delray [5], we found that, except for relatively very high absolute con- 
densor pressures, the ratio: 


P25 (corresponding to to,— to) — Ps 
Se ee a Ye) — ay 
hg 


was fairly constant, and varied only between ab. 1,6 and ab. 2,4. 


Where necessary to calculate Pos from p,,, or the reverse, we will there- 
fore assume: 


(10) ‘ Pos = Ps + 2h,. 
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7. Resistivity to heat transfer steam to tube wall, r, 

When analysing the heat transport through the condensor cooling 
surface, it is of advantage to split the reciprocal value of the heat transfer 
coefficient k into its components (‘‘resistivities’’) according to the equation: 


iat 
Tt TsttptTw’ 


(11) k= 


The heat transfer from condensing steam to a tube wall has been treated 
theoretically in 1916 by Nussrmir [7]. VAN Hence [5] has presented 
Nussev’s formula in a graphical form, of which we will make use in this 
study. His graph is reproduced in our diagram, fig. 6, and can be used 
for heat loadings Q, from 1.000 to 30.000 BTU/sq.ft.hr., and for tube wall 
temperatures ¢, from 40 to 100° F. 

The values of r,,, derived from diagram, fig. 6, are referred to the 
external surface of the tubes. Referred to the internal surface of the tubes, 
the values can be calculated with the equation: 


(12) rs = Tso” Te" 


8. Resistivity to heat transfer through the tube wall, = 


The thermal conductivity of condensor tube brass is 63 BTU/ft.°F hr. 

The wall thickness of condensor tubes is, as a rule, 18 BWG=0,049 
inch = 0,004 ft. 

Thus, the resistivity to heat transfer is: 


0,004 


ry = zy = 0,0000635. 


For our calculations we will use: 
(13) ry =0,00006. 


For clean tubes the resistivity of the tube wall is obviously very small, 
and could be neglected without appreciable error. 

When, however, the tubes are dirty on the outside or on the inside, 
we can take account of the corresponding increase of resistivity by assuming 
an appropriate higher value of r,. For this reason we will retain r, in our 
calculations. 


9. Resistivity to heat transfer tube wall to cooling-water, 1, 


For the resistivity to heat transfer from a tube wall to the cooling-water, 
most of the newer treatises make use of the results of the experiments, in 
1930, by Eacur and Frrauson [8]. 

Van Henout [5] has presented these results, via a form derived by 
NUSSELT in 1931, and with some further corrections, in a graphical form, 


of which we will make use in this study. His graph is reproduced in our 
diagram, fig. 7. 
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The influence of the velocity and of the temperature of the cooling- 
water 1s, in the main, taken account of by the REYNOLD’s number fe,,, 
whilst a secondary influence of the cooling-water temperature is shown in 
the curves of the diagram. 

The values for 7,,;, derived from this diagram, are referred to the internal 
surface of the tubes. 
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Fig. 7. Resistivity to heat transfer tube wall to cooling-water 
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10. Total resistivity to heat transfer, r, 


For the sum of the individual values: 


(14) le=T ato +e 


VAN Hen@ex [5] has presented a diagram, in which r,, is made conditional 
on the REYNOLD’s number for the cooling-water inside the tubes, on the 
cooling-water temperature and on the heat loading of the cooling surface. 

Of his diagram we have, in our fig. 8, copied the two boundery curves 
A-A and B-B, the first being valid for the highest, and the second for 
the lowest cooling-water temperatures and heat loadings, such as are 
found in normal condensors. 

The average curve C-C in diagram, fig. 8, will be used in this study for 
some necessary preliminary calculations. 


11. Comparison of the values of fig. 8 with the results of tests by ORROK 

It was considered advisable to check the theoretically based curves of 
fig. 8 with the results of direct tests with condensing steam. 

For this purpose were used the tests. in 1910, by OrRoK [9]. From the 
published results were calculated, as accurate as possible, the average 
values of r, for 29 tests, and entered by points in the diagram, fig. 8. 

The fact, that these points appear to lie between the boundary curves 
A-A and B-B shows, that, at least as far as the order of magnitude is 
concerned, the reality is approximated quite sufficiently by the diagrams, 
fig. 6 and 7, so that we can use these diagrams for our calculations with 
confidence, 


12. Comparison of the values of diagram, fig. 8, with the results of the 
condensor tests by VAN HENGEL 
It was interesting to check the results of the tests by van Hence in 
the Delray powerstation with the values of the diagram, fig. 8. 
For this purpose we have calculated for the Delray condensor tests 
the values of: 


Alm:+At 
(15) ed ee m ti 
ti Q. 
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and shown these values in our fig. 9 as ordinates on the corresponding 
values of Re,,,, as abcissae. The values of At,, in form. (15) were, in this case, 
calculated with the formula: 


= tow—lhiw 
(15) 7A = 2u = 
aloe 
claw 


as for this particular condensor, t, was considered to represent the con- 
densing steam temperature better than ¢,,. 

Comparing now the average curve D—D for these tests with the average 
curve C—C, taken from fig. 8, it is clearly shown how much the conven- 
tionally calculated values of 
fiable. 

The explanation of this phenomenon can be no other, than that only 
part of the cooling surface is active in condensation, a fact, which in the 
conventional method of calculation is only taken into account by correcting 
the theoretical heat transfer coefficients with an empirical factor. 

Further, in fig. 9, the additional curve H—E# for the ratio r,,/r,, shows, 
that even for one particular condensor this factor is not a constant for 
varying conditions of operation. 


;; are higher than those theoretically justi- 


13. Influence of the air content of the steam on the heat transfer coefficient 


Again and again the opinion is found expressed, that the air content 
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Fig. 8. Total resistivity to heat transfer steam to cooling-water 
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of the steam would be of considerable influence on the heat transfer 
coefficient, and that this influence would be the explanation for the wide 
discrepancy between the actual and the theoretically possible results. 

Air is, in fact, a non-conductor of heat, but, on the other hand, the air 
content of the steam, when entering the condensor is, as a rule, very small. 
The British Electrical and Allied Manufacturers allow, for steam turbine 
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installations, an air content by weight of 1/2000 of the weight of the 
steam, the actual figure being, however, generally much lower than this 
maximum. 

Several investigators have collected data, concerning the reduction of 
the heat transfer coefficient due to the air content of the steam. As is to 
be expected, this reduction appears to increase with the air content, 
i.0.w. as the steam condenses out of the mixture. EAGLE and Frere@uson 
have derived, from data of J. A. Smrru, the following equation (see dis- 
cussion on [3], page 313): 

Hse U 
(17) ee 
where: k” = reduced heat transfer coefficient, 
k = heat transfer coefficient for air-free steam, and 
Pq, = partial pressure of the air. 


Using equation (17), we have calculated, for the above mentioned air 
content of the entering steam W,/W,,,=0,0005, the procentual reduction 
Ak of the heat transfer coefficient, for absolute pressures from 0,25 to 
1,25 inches Hg, and for percentages of steam condensed from 95 to 99 %. 

The result is shown in our diagram, fig. 10. The curves show, that the 
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influence of the air on the heat transfer coefficient becomes appreciable 
only when a few percents of the steam remain uncondensed. 
Considering now, that the air content at condensor entry is, as a rule, 
only 1/10 to 1/3 of the value, on which fig. 10 was based, it becomes clear, 
that, for normal cases, its influence on the heat transfer coefficient can be 


neglected. 


14. Calculation of the active cooling surface 

As mentioned already in par. 4, we will assume for our calculations 
that the condensation of the steam is—at least substantially —completed 
within an “active” part of the cooling surface. The cooling-water is thus 
heated in the “active” tubes only, to a temperature f,,,, which will be higher 
than the final temperature of the (mixed) cooling-water when leaving the 
condensor. Accordingly, the log. mean temperature difference At), and 
the heat transfer coefficient k’ will acquire values, different from those in 
the conventional method of calculation. 

Through one active tube passes: 


ad; -w-56- 108 Ibs cooling-water p. hour. 
The heat, transferred to this cooling-water quantity amounts to: 


(18) Q, =ad; -w-56- 103: (¢ 


/ 


eo 4 


On the other hand, the heat transferred by the steam to one active 
tube is: 
(19) Q,=ady:L-k'- At... 


The log. mean temperature difference, considering the assumptions in 
par. 4, will be: 


(20) At = 


28 20 
In connection with the following arithmetical transformations, it was 


found practical to introduce four auxiliary quantities, viz.: 


_ do/dj- L/d; 


~ 56-108 
c= f(k’, w) == 
Cg = C1 * Cy 
= c 
a = f(cs) = 1028 (or log a = es): 


Combination of the equations (18), (19) and (20) leads to the following 
expressions: 


(21) Pe = oats he 


a= (O—}) (Ge tiw) | 


a+Cs 


(22) At 


m 
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The internal active condensor cooling surface can, according to form. (1), 
be then calculated with the equation: 


23 eee lie 
>) A. At, kj 


and the external active condensor cooling surface with: 


d 
24 - = Al. a0) 
( ) As AS d; G 
We further can write: 
fs i 
25 —_—— 
(25) (== 


15. Preliminary calculation of k, and At, 


For the determination of At, and k; in form. (23) it is necessary to know 
the average cooling water temperature in the active tubes ¢,, as this 
temperature determines 7,,,, as well as t,, and consequently r,,. Now: 


(26) a= Pos Al, 


bn w 


But in this formula Af, again is unknown. 

Before entering upon a definite calculation of the active cooling surface, 
it is thus necessary to determine At, approximately. 

This preliminary calculation can be carried out as follows: 
1) With ¢,,, and w we determine the REYNOLD’s number: 


wd; 

(27) Ren = 
For this, »,,, can be read from our diagram, fig. 11, the values being 
recalculated from a publication by vAN ITERSON [10]. 

2) For the REYNOLD’s number, thus found, we derive from the curve 
C-C in fig. 8 a preliminary average value of 7;;. 

3) The preliminary values of k; and At, can then be determined with the 
use of the equations (25) and (22). 


16. Definite calculation of k, and At, 


For a more definite calculation, we start with: 


if 


(28) tj =t,—Al,, (prel.). 
Next, we determine for ‘Aa and w the REYNOLD’s number: 
(29) Rony = 
Vnw 


y’,, being again taken from fig. 11. 

From the diagram, fig. 7, we take the value of 1,;, corresponding to 
(Hien fils . 

For clean tubes we assume, as discussed in par. 8: 


(13) r, = 0,00006. 
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To determine 7,,, the heat loading Q. as well as the tube wall temperature 


t, must be known, at least approximately. 


From the approximate relation: 


‘ los—ty Ts 
(29) tos—tmw Tw 
follows: 

_ tos Tw t+tinw 1s 
a oS” Fathi 


We cannot introduce a significant error in the final results if, for this 


Fig. 11. Kinematic viscosity of water and pressure 


of saturated steam at tem 


atures between 30 and 100 deg. F. 


per- 
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approximation, we assume here an average value of r,, for instance 
r,=0,00043. 

Entering this value in equation (31), and multiplying by 10.000 to 
avoid undesirable decimals, we find: 


(32) ve 10.000 7,5 + tos + 453 thy 
2 10.000 r,,, + 4,3 


For the approximation of Q, we use the equation: 
At, (prel.) 


33 EMAL ie 
(33) Q: e ee 


which, rearranged as above, becomes: 


(34) Q At,,, (prel.) 104. 


*~ 10.0007, +43 
With the values thus calculated for z and Oe we dispose of the data, 
required to read from fig. 6 the value of r,,, after which follows: 
di; 
(12) L si ial ar 


The definite value of r,; is then found from: 
(14) Me =P wi Tp + Ts 
and further: 

(25) kia. 


Again using equation (22), we can now calculate the definite value of 
At’, after which A,, and A,, can be determined with the use of the formulae 
(23) and (24). 

An example of the analysis of the results of a particular condensor test 
is given in Appendix III. 


17. Calculation of the active cooling surface from the results of the condensor 
tests at Delray and Bradford 


The application of the method of calculation, outlined above, on the 
31 condensor tests at Delray, mentioned in par. 2, gave the results, 
presented in graphical form in fig. 12. It is shown, that for these tests, the 
cooling surface actively used for condensation, has been between 30.000 
and 40.000 sq.ft. 

As the installed total surface A,,, inclusive of the air cooler, was 50.630 
sq.ft., the reserve surface against dirty condition of the tubes was, in the 
most unfavourable case, still ab. 25 % of the total. . 

A similar calculation for the condensor tests at Bradford, also mentioned 
in par. 2, showed, that from the total surface A,, of 35.000 sq.ft. ab. 


21.000 sq.ft. were actually in use. 
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It will be clear, that an analysis of test results, as developed above, is 
only possible where p,, is known, either from the assumption, expressed 
by form. (5), or by estimation according to form. (6), or by calculation 
from the vacuum at condensor entry, using form. (10). 
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Fig. 12. Active cooling surface for condensor tests at Delray 


Our method of calculation, however. is still insufficient to calculate 
beforehand the performance of a given condensor. For this purpose it 
proves necessary to involve the pressure drop on the steam side in the 
calculation. 


18. Flow resistance on the steam side of the condensor tubes, Ap, 


The flow resistance of liquids and gases over tube banks has been 
measured by numerous investigators, with often widely divergent results. 
Great use is made nowadays of the work of E. D. GRIMISON [11], in which 
circumstantial data have been collected for different tube arrangements, 
in line as well as staggered. However, considering the very irregular flow 
pattern that must necessarily exist in the steam space of a condensor, it 
makes little sense to go much into details on this point. The problem of 
the flow resistance can therefore, in a general sense, be approximated 
more simply by the following equation, taken from a treatise by CHILron 
and GENERAUX [12]: 

(35) dp = es 


39 


where: Ap = flow resistance, in 1bs/sq.ft. 


/ = resistance factor, dimensionless. 

y = weight density of steam, in 1bs/cub.ft. 

u = velocity of steam in the narrowest passages of the tube 
bank, in ft./sec. 

N = number of tube rows, in series. 

g = acceleration due to gravity, in ft./sec?. 


Starting from the assumption, mentioned in par. 4, viz. that the pressure 
drop on the steam side originates exclusively in the active part of the 
cooling surface, making use of the approximation of the weight density 
of the steam by form. (8), and expressing pressures as inches Hg, we 
come after an arithmetical transformation, to the equation: 


10 p25 + ADs 
(36) TiGRaed ae p 
(2)  T04 
where: 
(37) B= 148,9 f 


aes 
10 10 r r 

Assuming provisionally that within the range of interesting condensor 
loadings (say between 50 and 100 % of full load) f may be taken as a 
constant, then f will be also a constant for each particular condensor. 
We will call this constant the ‘‘condensor coefficient’. 

According to equation (37), this condensor coefficient will be dependent 
on the geometrical arrangement of the tube bank, as well as on its absolute 
dimensions. 

By this condensor coefficient it becomes possible to predict the per- 
formance of a given condensor under all possible service conditions, in 
case this performance under one set of service conditions is known, or can 
be estimated, for instance, on basis of a conventional method of calculation. 


(To be continued) 


PHYSICS 


A CONTRIBUTION TO THE CALCULATION OF SURFACE 
CONDENSORS. III 


ie, 


H. W. VAN TIJEN 


(Communicated at the meeting of November 27, 1954) 


19. Check of the assumption B = constant with the results of the condensor 
tests at Delray and Bradford 

The values of £, calculated with form. (36) for the 31 tests at Delray, 
gave results graphically represented in fig. 13. For this condensor these 
values appear to lie substantially between 0,4 and 0,6. However, as small 
eITOrs in p., have a great influence on Ap, in equation (36), the scattering 
of the points in fig. 13 has little influence on the validity of the final 
conclusions. 
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Fig. 13. Values of condensor coefficient 6 for condensor tests at Delray 


Assuming then, for this condensor, an average value 6 =constant = 0,5, 
we calculated for the measured values of w, ty, Y, and W,,, the cor- 
responding values of p,. The values, thus determined, were then compared 
with the measured values, as will be explained later. 
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For this calculation, we assumed for each test three provisional values 
of p2,, and, using the method outlined in par. 15 and 16, then calculated 
the corresponding values of A,,. These values were entered into a diagram 
fig. 14, see line A—A. ie 
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Fig. 14. Calculation of active cooling surface and condensing pressure for assumed 
value of B 


With the three values of A,, thus found, were next determined, with 
the use of equation (36), the corresponding values of f, and entered into 
the same diagram, fig. 14, see line B-B. 

The intersection of the line B-B with the ordinate 6=0,5 gave then, 
for this particular test, the values of A,,, as well as of oq. 

A numerical example of one such calculation is given in Appendix IV, 
and will explain the handling of the foregoing method. 
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The total result of this check is presented in graphical form in fig. 15, 
in which diagram for each condensor test the abciss gives the calculated 
value of p,,, and the ordinate the value of p,,, corresponding to the measured 
value of f.,=¢, (form. (5)). The position of the resulting points with regard 
to the 45 deg. equality line shows that for this condensor f can be considered 
a constant for the widely varying service conditions, occurring in these 
tests. 

A similar check was made for the condensor tests at Bradford. 

Here, the calculated values of f appeared to scatter between ab. 2,9 
and 4,9. An average value § = constant = 4,0 was used in the further 
calculations. 


| 


=e 


= 


Delray , tyw= 33,1°F | 
»tiws 41,6°F 
» tiws 47,9°F 
, ty = 61,9°F 
“7 > ttw 75,6°F 
Bradford , tiw= 68,7°F 


See 
f 
ae 


peed ef 
Ea 
rf 
eo 
ie! 


1601.7 «1.8"Hg 
Pos ; as calculated. 


Fig. 15. Check of the assumption 8 = constant with the results of the condensor 
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As, with this condensor design (see fig. 3), the steam cannot reach the 
hotwell, the measured values of p,, were here taken as: 


(10) Pos = Pig + 2h,. 


The resulting values were entered into the same diagram, fig. 15, and 
show a satisfactory relation to the 45 deg. equality line. 


20. Influence of eventual dirtiness of the condensor tubes 

The method outlined above allows the evaluation of the influence of 
an eventual dirtiness of the condensor tubes. 

Tests by ORROK [9] show, according to an analysis by Mc. Apams [13], 
(page 273), that for a tube taken from a dirty naval condensor, the 
resistivity to heat transfer was 0,00052 sq.ft. °F hr/BTU higher than the 
corresponding value for a clean tube. 

Assuming, that for such dirty condensors: 


7, = 0,00006 + 0,00052 = 0,00058 


we can repeat with this value the calculation of par. 19 and Appendix IV. 
The result is found from the intersection of the lines A’—A' and B’—B’ in 
fig. 14. The comparison for clean and dirty tubes can be tabulated as 
follows: 


tubes: clean dirty 
Dog = 0,856 0,876 inch Hg 
AD = 36950 41500 sq.ft. 


According to this calculation, the steam requires, with dirty tubes, 
4550 sq.ft. more active surface for condensing, whilst there will be a loss 
of vacuum of 0,02 inches Hg. That this loss is not more considerable is 
due to the large “redundant” surface in the condensor under consideration. 


21. Pre-calculation of the ‘“‘condensor coefficient” B from the condensor 
drawing 
Final object of our investigations must be the possibility to calculate 
the ‘“‘condensor coefficient” ~—and with that the performance under all 
service conditions — beforehand from the project drawings of the condensor. 
Let us take a closer view at equation (37): 


Ce ar apace ene 
meer) 

It is indicated to enter into this equation for L the length of the tubes 
between tube plates, whilst 7 is the pitch-diameter ratio of the tubes at 
the entrance of the steam into the tube bank. Uncertainty remains in 
connection with f and B. 


As already remarked earlier, the flow pattern in the steam space of the 
condensor, and consequently the directions of the steam entering the tube 
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bank, are too uncertain to decide whether we have to reckon with tubes 
in line or staggered. 

However, as some choice has to be made, let us take for f the value, 
recommended by Cumnton and GENERAUX [12], for staggered tubes, viz.: 


(38) f{=0,75 Re~°” 
where: 
(39) Re = (s—do)-u-y 


Hs 
and: w = velocity of steam in the narrowest passages of the tube bank, 
in ft./sec. 
y = weight density of steam, in lbs/cub.ft. 
i, = absolute viscosity of steam, in lbs/ft.sec. 
For our investigations, we can safely take “,—constant at the value 
for 85 °F (1,2 inches Hg), viz.: 


s=10-§ kg.sec/m?=6,58 - 10-* lbs/ft.sec. 
With this value of u,, equation (39) can be rearranged to: 
W sa 7 8 
To) BY /(LY* 
, (=) 
As for the condensors at Delray and at Bradford the values of p, as 


well as those of Z, s and ry are known, it was possible to determine, by 
combination of equations (37), (38) and (40), for both condensors the 


(40) Re,, = 27780 ( 


“effective” developed width of the steam entrance surfaces of the tube 
banks. 
For W,q could, in this case, be entered a (constant) average value, viz. 


a O/ 


that corresponding to ab. 75 % condensor load. The influence of this 
simplification is small, due to the 5th root in equation (38). 

The result of our determination is presented in the following table, at 
the end of which the values of the “effective” developed widths B are 
related to the corresponding “actual” developed widths. B”, as measured 
from the condensor drawings. (see fig. 2 and 3). 


Condensor Delray Bradford 
Mitt ta ok aha ere ee oe eae ee eee 0,5 4,0 
LOTR OLE Tene Pe CHA eer ee te 23,75 16,0 ft. 
W a/10® (75 % load) ee saws eee 2,5 ies Ibs/hr 
Rey, (form, 40). 3-5 ola ck eG oe ERS 2302 
i (forma, pS) 4.0 eer cm sae beeen sont 0,1724 0.1614 
B as calculated (form. 37)... ..., aL 21,53 ft. 
Be as Measured ees tee ae eee 53,5 2x 18 = 36 ft. 
ratio B/B’. 0,585 0,598 


As far as can be concluded from these calculations, the value of B, to 
be entered into the equations (37), (38) and (40) for the pre-calculation 
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of 6, must be taken at ab. 60 % of the developed width B”, as measured 
from the drawing, when W,, has been taken at a value for ab. 75 % load. 

This result requires confirmation by further analysis of other condensor 
tests. 


Attention is drawn to the fact, that for the condensor at Delray, when 
measuring B” from the drawing, no account was taken of the ‘‘lanes” in 
the tube bank (dotted lines in fig. 2). 

As these lanes for the greater part make fairly sharp angles with the 
probable direction of the entering steam, and as further the absolute flow 
resistance over the tube bank is small, it may well be doubted that these 
lanes increase appreciably the surface for the entering steam. 

For pre-calculations of new condensor designs it will always be advisable 
to decide upon the value for B only after careful consideration of the lay- 
out of the tube bank. 


22. Pre-calculation of the pressure pz at the entrance of the suction pipe to 
the air pump 

Finally, for a complete pre-calculation of a condensor design, it will 
be required to estimate a suitable value for the pressure p, at the entrance 
of the suction pipe to the airpump. This pressure depends on the capacity 
of the air pump, and on the temperature ¢, of the steam-air mixture at 
the spot mentioned. 

Let V,, be the suction capacity of the air pump in cub. ft. of steam-air 
mixture per min. Then it is easily found, that the partial pressure of the 
air pz, can be expressed by the equation: 

Wa (tz +460) 


(41) 10 75, = 0,135 re 


The partial pressure of the steam p;,, can, for the temperature ¢;, be 
taken from the steam tables, or read from the diagram, fig. 11. 

The total pressure then follows from: 

(42) P3= Psat P3e- 

Questionable remains the temperature f,, to which the steam-air mixture 
is cooled in the “redundant surface’ and in the air-cooler (if fitted). 
Much depends here on the way this mixture is led over the cooling surfaces, 
and also on the tightness of the plating, separating the air pump suction 
from the steam space of the condensor. Exact calculation is difficult. 

Where no data of similar condensors are available, t; must not be 


estimated lower than: 
(43) ee torr: 
When the piping between the condensor and the air pump suction is 


not isolated, it is advisable to reckon with the possibility of considerable 
superheating of the steam-air mixture in this piping by heat transferred 
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from the surrounding engineroom. With a given suction capacity of the 
air pump, such superheating influences unfavourably the attainable 
value of #5. 


APPENDIX I 


Nomenclature and Dimensions 


” ” 


Note Subscript ‘‘o” refers to the external, and subscript ‘‘7” refers to the internal 
surface of the condensor tubes. 

Where the same symbols are used in both the conventional and the new method 
of calculation, but acquire different numerical values, those in the new method 


are denoted with the characteristic ’. 


nS 


do, d; — ft. Diameter of condensor tubes 

8 — ft. Pitch of condensor tubes 

r = 8/d, Pitch diameter ratio 

L — ft. Length of condensor tubes between tube plates 

B — ft, “Effective’’ developed width of entry surface for 
steam in tube bank 

Be =. 1h “Actual” developed width of entry surface for 


steam in tube bank 


ee — lbs/hr Weight of cooling-water 

WY sie — lbs/hr Weight of steam (wet) 

W sa — lbs/hr Weight of steam (dry) 

We — lbs/hr Weight of air in steam 

cS — cub.ft./min. Suction capacity of air pump 

Q; — BTU/hr Total heat loading of condensor 

Q» — BTU/hr Heat loading of one active condensor tube 

Q, — BTU/sq.ft.hr Specific heat loading 

tw — °F Temperature of cooling-water entering condensor 

bow — °F Temperature of cooling-water leaving condensor 

ae — °F Temperature of cooling-water leaving active surface 

Eeeas — °F Average temperature of cooling-water 

tis — FY Temperature of steam entering condensor 

tos — °F Average temperature of steam in active surface 

te — °F Temperature of the steam-air mixture at the 
entrance of the suction pipe to the air pump 

t, —= i Temperature of condensate leaving condensor 

ty — °F Temperature of tube wall 

Abn — °K Mean temperature difference 

Ds, — inch Hg abs. Pressure of steam entering condensor 

Pog — inch Hg abs. Average perssure of steam in active surface 

Ps — inch Hg abs. Total pressure of steam-air mixture leaving 
condensor 

Pos — inch Hg abs. Partial pressure of steam leaving condensor 

Pea — inch Hg abs. Partial pressure of air leaving condensor 

Ap, — inch He Pressure drop on steam side 

w — ft/sec Velocity of cooling-water in condensor tubes 

15 — ft/sec Velocity of steam entering condensor 

u — ft/sec Velocity of steam in active surface 


Ry, — inch He Velocity head of entering steam 


oa oe 


We 


13. 
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= sq.ft.°k hr/BrU: Resistivity to heat transfer steam to tube 
Et 1 lane BDO) Resistivity to heat transfer in tube wall 

— sq.ft.°F .hr/BTU Resistivity to heat transfer tube to cooling-water 
= ohiin, Iason isyb 0) Total resistivity to heat transfer 

— BTU/sq.ft.°F.hr Heat transfer coefficient 


— sq:tu. Total cooling surface of condensor 
— sq.ft. Active cooling surface of condensor 
== Ojai Entering surface for steam in tube bank 


Number of active tubes in series 


— sq.ft./sec. Kinematic viscosity of cooling-water 
— lbs/ft.sec. Absolute viscosity of steam 
Reynold’s number of cooling-water 


Reynold’s number of steam 
Resistance factor for steam flow 
— lbs/cub.ft. Weight density of steam 
Cy, Cg and @ Auxilary quantities (see par. 14) 


“Condensor-coefficient”’ 
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APPENDIX III 


Calculation of the active cooling surface A,, and of the condensor coefficient B from 
the results of a condensor test (Test no. 15s at Delray) 


= 0,0833 | hw 


DATA: dy = 41,5 
d, = 0,0752 | to, =, (form. 5) = 73,92 
10, Aa Th, Q, = 334,4 x 108 
WW = 2,95 Wig = 3,130 x 10 
Py = 0,643 | 
Preliminary calculation of | 15 Too = 0,000435 (fig. 6) 
k; and At, 16 7, = 0,00039 (form. 12) 
LD) 0 Or (fig. 11) ie = ODOONE (icra, 13) 
2 (Be, SAd 6.10 (form. 27) 18 r,; = 0,00157 (fig. 7) 
3 Ty = 0,00217 (fig. 8) 19 ry, = 0,00202 (form. 14) 
4 k; (prel.) = 461 (form. 25) 20 ko == 495 (form. 25 
5 ty = 6,26. 10°» —— le ies = etl auxiliary 
6: cs = [56,3 / euaeen eet 22° Cy = 1,050 > quantities, 
7 Cg = 0,978 \ ss 23 a = 2,86 see par. 14. 
8 a =2.66 i coat 2 Av, = 20,1 ~ (form, 22) 
9 At, (prel.) = 20,22 (form. 22) 25 A, = 33600 (form. 23) 
26 == o7200 (form. 24) 
Definite calculation of ~ 
k; and At’, | 
10 4. = 53,7 (form. 28) 
lt %,,,, = 1,228.10 (fig. 11) 27 P, = 0,845 (corresp. ty,) 
12 Re, = 16,7.10° (form. 29) 28 Ap, = 0,202 (form. 4) 
13 ¢, (prel.) = 50,5 (form. 32) 29 B = 0,4675 (form. 36) 
14 Q% (prel.) = 6100 (form, 34) 
APPENDIX IV 


Calculation of the average condensing pressure Po, for one condensor test, with an 
assumed value of the condensor coefficient B (test No. 158 at Delray) 


DATA (as in appendix ITI): 0.0833 0,643 


dy = SS 

d, = 0,0752 try = 41,5 

L =23,75 | Q, =334,4.108 
w= 2,95 Wa =  3,130.108 


Further: assumed value of B: 0,5 


We assume three values of Dog, Viz.: 
Po, = 0,80 0,85 


With these values of p,,, we calculate, quite analogous 
values of A,, and p: 


0,90 
to Appendix IIT, the following 


A,, = 39450 37200 35150 
B 0.325 0.4825 0.672 
The above values of A,, are entered in a diagram, as fig. 14, curve A-A, 


The above values of £ are entered in the same diagram, curve B-B. 


I 


The intersection of the curve B-B with the ordinate Dean Oey 


A,, = 36950 sq.ft. and Pos 


Measured value: 


tos 


= 0,856 
t, (form. 5) = 73,92 


corresponding value (from fig. 11): Pos = 9,845 


gives: 
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THE HYDROLYSIS AND AMINOLYSIS OF ETHYL THIOACETATE 


il. RATE CONSTANTS AT 25°C, ACTIVATION ENERGIES AND 
PROBABILITY FACTORS 


BY 


V. V. KONINGSBERGER anv J. To. G. OVERBEEK 


(Van *t Hoff Laboratory, University of Utrecht) 


(Communicated at the meeting of November 27, 1954) 


1. Introduction 


The measurements of the alkaline hydrolysis and of the simultaneous 
hydrolysis and aminolysis of ethyl thioacetate (K.T.A.) [1, 2,3] were 
continued at 25°C. From the experimental data the kinetic constants 
were determined for the hydrolysis and aminolysis by glycine of E.T.A. 
at 25°C. Furthermore, activation energies and approximate probability 
factors were calculated from these constants, and those obtained at 
SI [2,31 


2. Experimental methods and calculation of concentrations 


The rate of disappearance of E.T.A. in the reaction mixtures and the 
pH were determined according to the methods described before [1, 2]. 

OH-ion concentrations in borate buffer solutions were calculated 
approximately [2] according to 


( ) ~ antilog(—pH) | ?a¥ou 
4H,0 


Glycinate (R—NH,) concentrations were calculated [3] from total elycine 
(RNH; +RNH,) concentrations with an empirical titration constant 
Kyy, Which was calculated from pH determinations in some pure glycine 
buffers according to: 


[RN] 
(2) pKyu, = pH + log TRNH,] | 


Table 1 shows that the pK so defined varies only very slightly with 
glycine concentration and somewhat more with pH. Glycinate concen- 
4 Series B con 
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trations in borate buffer solutions were also calculated according to 
eq. (2). Concentrations are indicated by symbols between square 
brackets. 


TABLE 1 


Determined pH and calculated pKyy, of pure glycine buffers at 25° C 


[RNH,] Total glycine sH pKyn, 
[RNH,] + [RNH}] (mol is) I | eale. 
0.036 1 8.33 | 9.76 
0.715 l 8.63 9.74 
0.143 1 8.90 9.68 
0.143 0.5 8.92 9.70 
0.143 0.1 8.9] 9.69 


3. Haperimental results 


As all reactions investigated are first order with respect to [E.T.A.], 
the results can be expressed by means of K,,., defined by 


d[E.T.A. . 
(3) oi). Ky TTA J. 


The experimental data are listed in table 2 (for the alkaline hydrolysis), 
table 3 (for the simultaneous hydrolysis and aminolysis at low pH) and 
table 4 (hydrolysis and aminolysis at high pH), 


TABLE 2 


Alkaline hydrolysis of E.T.A. solutions at 25° C. In exp. 131, 132 and 133 the pH 

was measured with the aid of a hydrogen electrode. In exp. 124, 125, 123 and 120 

[OH] was calculated from the composition of the reaction mixtures. In exp. 124, 

125 and 123 [E.T.A.] was equal to [OH], in the other experiments [E.T.A.] was 
0.0025 molar 


Exp. pH | [OH] x 10° Kins X 108 | {K,,/[OH]} x 10-2 
No. | (mol ml-!) | (see?) | (ml mol-! sec—2) 
Oo, eee 
131 9.34 | 28 | 13 | 4.76 
132 9.66 58 21 Sill 
133 10.06 147 36 2.45 
124 ~ 625 — *) L207) 
125 — 1250 — *) LO\*) 
123 = 5000 =e) 0.81 *) 
120 — 49400 4120 0.83 

*) The cases where [E.T.A.] = [OH] have been calcula 


ted according to a 


second order rate equation in stead of with eq. (3). The second order rate constant 


is equal to Kop5/[OH]. 


TABLE 3 
Simultaneous hydrolysis and aminolysis by glycine at 25°C of 0.0025 m E.T.A. 
solutions in borate buffers of various pH. In exp. 100, 101, 102 and 105 the 
measurements were carried out in pure glycine buffers; no activity correction was 
used for the calculation of [OH] from pH in these experiments 


——— 


Exp. pH | [OH] x 10° | at | 1c | [RNH,] x 108| Ky, x 108| {K,,,/[OH]} x 10-2 
No. (mol ml-!) | (mol all) (mol ml-?) (sec) (ml mol-! sec7}) 
1g |sc4} 21 | 2 | 5.8 ih 5.6 

126.) 8.47 | a) 2 9.8 19 5.2 

130 | 8.10 | 1.6 5 10.4 18 14 

104 | 8.42 3.3 5 O17 35 10.7 

103 | 8.59 5.0 5 32.0 61 12.3 

105 | 8.92 | 8.3 5 TA 127 15.3 

102 | 8.33 | 21 10 35.7 73 35 

101 | 8.63 | a8 10 71.0 184 43 

100 | 8.90 8.0 10 143 460 58 

TABLE 4 


Simultaneous hydrolysis and aminolysis by glycine of 0.0025 m E.T.A. solutions 
at 25°C and high pH. [OH] concentrations were calculated from the composition 


of the reaction mixtures 
eee 


Exp. | [OH] x 10» | HO Bycinel | Kyy X 10° | {Ky,/[OH]} x 10-* 
No. (mol ml-!) | Pee a (sec—) (ml mol! sec-1) 
(mol ml-) 

110 40000. | 10 3610 0.90 

i 20000, 10 1750 0.88 
112*)) 10000 10 930 0.93 

113 40000. | 20 3840 0.96 

114 20000 | 20 1920 0.96 

115 10000. 20 960 0.95 

116 40000 40 4530 is 

117 20000 40 2330 1.17 

118 10000 40 1190 1.19 


*) In exp. 112 the reaction velocity began to decrease slightly when about 
30 % of the E.T.A. had disappeared. The apparent change of the first order rate 
constant was attributed to the fact that the excess of [OH] and [RNH,] over 
[E.T.A.] was rather small. In all other cases mentioned in this table the excesses 
of [OH] and [RNH,] were large enough to mask any deviation from a first order 
rate law. 
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4. Kinetic analysis of the cxperimental data 


The following reaction scheme has been proposed [3] for the simul- 
taneous hydrolysis and aminolysis of E.T.A.: 


Hydrolysis: 
Ky 
K.T.A. + H,O = C, and: E.T.A. + OH~ —- hydrol. products 
Ky 4 
Veo hydrol. products. 


Aminolysis : 
C, + RNH, = 22 and: E.T.A.+ RNH, = aminol. products 
K.T.A. + 2RNH, —> 
E.T.A. + RNH, + OH- —~ 
where: RNH,=—-OOC—CH,NHg. 


9? 9 


9? 


A reaction kinetic analysis of this scheme yields the following equation 
for K,, (eq. 3) in the hydrolysis experiments [2]: 
(4) Kaw = Kez re Ky 5 (0) —— +. K, [OH] 
2 | 3r¢ 
1 += [0H] 
RK, 
with K;=K, [H,0], 


whereas K,,,, for the simultaneous hydrolysis and aminolysis experiments 
was found to be [3]: 


é | ae a Ky. obs Ky obs — 


_ az K,(OH]+K, [RNH,) ‘ t 
(5) (=Kj KK, [OH] + K, RNHJ + K, [OH] + K,[RNH,] + 
+ K, [RNH,}? + K,[RNH,] [OH]. 


The determination and calculations of the kinetic constants were com- 
pletely analogous to those at 37° C [2, 3]; the results obtained are listed 
in table 5. 

TABLE 5 


List of constants for the alkaline hydrolysis and aminolysis by glycine of E.T.A. 
at 25°C 
EE 


te =3 x 10> sec"! 

K,/K, = 1.5 x 107 ml mol-1 

Le = 80 ml mol! sec"! 

K,/K, = 2 x 104 ml mol— 

K, = 1.0 ml mol sec! 

Ky = 1.5 x 104 ml? mol-? sec-4 
K, = 7.5 X 105 ml? mol-? sec 


Finally, experimental and calculated values of K,,, for the simultaneous 
hydrolysis and aminolysis experiments are compared in table 6. 
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TABLE 6 


Values of K,, as calculated with the constants of table 5 from eq. (5) and as 


determined experimentally 
sss 


Exp. | [OH] x10® | [RNH,] x 10° Bom 7 10 pee 
Ne Guol mint (aiisleende experimental calculated 
(see) (Seem) 
110 40000 10 3610 3542 
lll 20000 10 1750 1792 
112 10000 10 930 917 
113 40000 20 3840 3856 
114 20000 20 1920 1956 
115 10000 20 960 | 1006 
116 40000 40 4530 4510 
117 | 20000 | 40 2330 9310 
118 10000 40 1190 1210 
128 2.1 | 5.8 11 10.4 
126 3.7 9.8 19 17 
130 1.6 10.4 18 17.5 
104 3.3 217 35 39 
103 5.0 32.0 61 60 
105 8.3 71.4 127(?) 170 
102 2.1 35.7 73 66 
101 4.3 71.0 184 167 
100 8.0 143 460 473 


5. Activation energies and probability factors 

The rate constants at 25° C and at 37°C [2, 3] were used to calculate 
the energy of activation and the empirical constant A from the ARRHENIUS 
equation: 
(6) K = Ae’ *a/2? 
The constant A can be regarded as the product of a collision frequency Z 
and a “probability” or “steric” factor, P, so: 


(7) TCAs 
OL: 
(8) K=PZe 2? 5), 


As the collision frequency Z in solutions is of the same order of magnitude 
as that in the gas phase [4a] it may be taken as [5]: 


Z = 1013—1014 sec“! for a monomolecular reaction 
Z, = 1011—1012 1 mol— sec for a bimolecular reaction 
Z = 109—10!° 12 mol-? sec! for a termolecular reaction. 


1) The true critical energy increment E involved in eq. (8) is related to E, by: 
H=H, —¢RI 
Consequently, the difference between E and Ey is only noticeable when T is high 


or E, very low. 
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TABLE 7 
Approximate activation energies and probability factors of the alkaline hydrolysis 
and aminolysis by glycine of E.T.A. as calculated from eq. (6) and eq. (7). 
The collision frequency Z was taken as 10% 1 mol-! see-! for bimolecular 
reactions and as 10°18 mol-® sec for termolecular reactions. 


| ae © : (cal/mol) | 


Reaction A = PZ Re 


E.T.A. + H,O > C, | e 
K, =(K,/[H,0]) (1mol-1sec-1) | 5.4 x 10-7 | 11 x 10-7 10500 18 10- 
(1 mol-? see?) 
E.T.A. + H,O + OH-+ 
hydrol. products 
K, (K,/K,) (12mol-* sec!) | 8 x 10-3) 21 ~% 10-8 14500 2 x 108 10-1 
(1? mol-* sec—!) 
E.T.A. + OH-+> 
hydrol. products : 
K, (1 mol seo)... . 2. .| 8 10-8) 16. 310" 9700 7 x 105 LO 
(1 mol sec—) 
K.T.A. + H,O + RNH,—?? | 
K, (K;/K,) (12 mol? sec-*) Lede OF | ceo 10500 36 x 10? | Lo 
(1? mol~? see~!) 
K.T.A. + RNH,—> 
aminol. products 
KC) ol seGs 4). vane 10-3 ae 6100 23.5 1Q-*0 
(1 mol? see!) 
E.T.A. + 2RNH,—> 
aminol. products 
K, (1? mol-* sec-2) . . . .| 1.5 x 10-8| 3 x 10-*!| 10500 5 x 105 10-4 
(1? mol-? see!) 
H.T.A. + RNH, + OH-—> 
aminol. products | 
Ky, (1? mol-? sec?) . . . ./ 7.5 x 10-1 | 3 21000 | 7.5 x 104 104 


| (1? mol? see-?) | 
If the factor P is of the order of unity the reaction is called normal, for 

“slow” reactions P varies between 10->—10—° and for “fast”? reactions 

between 10? and 101, The energies of activation and the orders of the 

P-factors of the hydrolysis and aminolysis by glycine of E.T.A. are listed 

in table 7. 

With respect to the data listed in table 7 the following remarks may 
be made: 

1. All activation energies and P-factors lie within the known range, but 
most of them are rather small. As both the hydrolysis and aminolysis 
of E.T.A. are probably highly exothermic, it should be mentioned, 
that quite often highly exothermic reactions are “slow” [4b]. 

2. The complex formation of E.T.A. with water (reaction 1 of table 7) 
and the uncatalysed aminolysis of E.T.A. by glycine (reaction 5) are 
undisputably “slow” reactions: their velocities are about 10! x too 
low with respect to their small energy of activation. It should be noted, 


DD 

however, that the P-factors involved lie still within the range which 
GLASSTONE, LatpLer and Eyre [6] have calculated for a bimole- 
cular reaction between two polyatomic molecules (P =10—10-?°), 
Any conclusion from the data referring to the termolecular reactions 
2, 4, 6 and 7 should be drawn very cautiously. We have assumed an 
intermediate bimolecular E.T.A.—H,O complex (C,) because its 
formation proved to be rate determining in certain conditions. Conse- 
quently, reaction 2 and 4, which might be regarded as a normal and 
as a slow termolecular reaction respectively, certainly follow a more 
complicated stepwise mechanism. Reactions 6 and 7 might be taken 
as a slow and as a fast reaction respectively. However, in these cases 
also an intermediate bimolecular E.T.A.—RNH, complex formation 
may be involved. 

4. We have compared our data on the OH-ion catalysed hydrolysis of 
E.T.A. (reaction 3) with the data on the alkaline hydrolysis in aqueous 
solutions of a number of alifatic acetates [4c]. A fair conformity in the 
E, values was found: E, =10500 cal/mol for the hydrolysis of E.T.A. 
and E,=11000—11500 cal/mol for the hydrolysis of 7 acetates. The 
values of the empirical constant A differed somewhat more, A being 
equal to 7 x 10° for the hydrolysis of E.T.A. and about 1—3 x 10? for 
the hydrolysis of the acetates. As the P-factor for the alkaline hydro- 
lysis of both categories of esters may be valued roughly at 10-°—10-4, 
we may conclude that rather “slow” reactions are involved. 


ee) 


In a next paper a tentative reaction scheme for these kinetic data will 
be proposed. 

The authors wish to thank Mr Y. D. Loorsrra and Mr A. H. Srovut- 
HAMER for their assistance in the reaction velocity measurements. 


6. Summary 


The kinetics of the alkaline hydrolysis and aminolysis by glycine of 
ethyl thioacetate were investigated at 25°C. Furthermore, activation 
energies and probability factors were calculated from the data on the rate 
constants, obtained at 25°C and at 37°C. Generally, low activation 
energies and slow reactions proved to be involved in both processes. 


BIBLIOGRAPHY 


1. KownincsBercer, V. V. and J. Ta. G. OveRBEEK, Proc. Kon. Neder]. Akad. 
v. Wetenschappen, Series B57, 81 (1954). 

2 OvEeRBEEK, J. TH. G. and V. V. KONINGSBERGER, ibidem, B57, 311 (1954). 

ee aid —— —_- 11dem,, BD 37, 404 (1954). 

4a. Mortwyn—Hucues, E. A., The kinetics of reactions in solution, 2nd. ed, 
p. 243 (Oxford University Press, 1947). 

4b, ————., ibidem p. 74. 

4c. ————,, ibidem p. 124. 

5. Frost, A. A. and R. G. PEARSON, Kinetics and mechanism, p. 72 (New York, 
John Wiley & Sons Inc., 1953). 

6. Guasstons, S., K. J. Lampiter and H. Eyrine, The theory of rate processes 
(New York, Mc.Graw-Hill Book Comp., 1941). 


CHEMISTRY 


INVESTIGATION OF THE ALKALOIDS OF PUNICA GRANATUM L. 
BY PARTITION CHROMATOGRAPHY (2nd Communication *)) 


BY 
J. P. WIBAUT, H. C. BEYERMAN, U. HOLLSTEIN, 
YVONNE M. F. MULLER anv E. GREUELL 


(Communicated at the meeting of November 27, 1954) 


In the first communication [1] on this subject we described the 
separation of the alkaloids from Punica granatum L. by means of chroma- 
tography on paper. 

An extract of the bark of Punica granatum was found to contain 
pseudopelletierine, isopelletierine and methylisopelletierine. These alkaloids 
were identified by means of their R, values, which corresponded with 
those of synthetic preparations of the d, l-forms. In addition, the chromato- 
gram contained a “‘spot A” with a low R, value. 

A commercial sample of ‘‘pelletierine sulphate’ showed the same 
picture. From these experiments we concluded that, besides pseudo- 
pelletierine, isopelletierine and methylisopelletierine, extracts of Punica 
granatum contained at least one other basic component. 

A recently published communication of GALINOvsKY and H6LLINGER [2], 
which will be further discussed below, induced us to report some results 
obtained during our continued investigation. 

We examined three samples of the bark of Punica granatum, viz. I a 
commercial sample of unknown origin, II bark of Italian origin, III bark 2) 
of Spanish origin. 

The chromatographic analysis on paper showed that, in addition to 
pseudopelletierine, isopelletierine and methylisopelletierine, all the three 
samples contain other basic components, which give a colour reaction 
with DRAGENDORFF’s reagent. On paper these spots show up as an 
elongated spot A, which in another experiment using a slightly changed 
developing solvent appeared to consist of three components. 

Of sample III a larger quantity was extracted ®) with methanol (extract a, 
residue b). The residue b was treated at room temperature with calcium 
hydroxyde and water, after which the material was extracted with 


‘) A more extensive communication, which will contain the experimental data, 
will be published elsewhere. 

*) We are indebted to Prof. Dr A. STOLL, Managing Director of the Sandoz 
A. G. Basle, who placed a larger quantity of this material at our disposal. 

3) We are indebted to the Management of the N.V. Organon, Oss, who placed 
equipment and auxiliary material at our disposal to carry out this extraction. 
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methanol (extract ¢c). The extracts a and ¢ were worked up as described 
earlier [1]; the alkaloids were obtained in the form of the hydrochlorides. 
The chromatography of these alkaloids was carried out according to the 
procedure described by Cuitton and ParrripeE [3], kieselguhr being 
used as carrier with 0.5 M phosphate buffer as stationary phase. 

By elution with ether we succeeded in separating a brown-coloured 
basic material, which gives a colour reaction on the paper chromatogram 
with DRAGENDORFF’s reagent; the R, value is about 0.8. For the time 
being we indicate this base as component C. Probably it is the same 


60cm 


Paper chromatogram 
1) synthetic isopelletierine (d,l-form); 2) 
synthetic methylisopelleteirine (d,l-form) ; 
3) synthetic pseudopelletierine; 4) total 
base mixture from the extract of the 
Spanish bark (No. III); 5) first base from 
ether eluate (C); 6) second base from ether 
eluate (pseudopelletierine); 7) base from the 
chloroform eluate (methylisopelletierine) ; 
8) base mixture from the sulphuric acid 
eluate (A-complex and isopelletierine); 9) 
“‘pelletierine”’ from Messrs. MERCK. 


The dotted line marks the front of the 
developing solvent 


material as that which corresponds with “peak A” in the titration curve 
of Cuitron and Partripce [3]. Our base C, however, is not identicat 
with isopelletierine. 

On continued elution with ether pseudopelletierine was isolated, 
identified by paper chromatographic analysis. Then followed elution with 
chloroform, methylisopelletierine being isolated, also characterised by 
the R, value of the paper chromatogram. 
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The bases which were retained on the column were eluted with 0.15 N 
sulphuric acid. After working up and chromatography on paper we found 
isopelletierine and a mixture of three components, the R,, values of which 
lie in the range of the formerly observed spot A. We indicate this mixture 
as A-complex. 

The paper chromatogram allows only a rough estimate of the relative 
quantities of the various alkaloids. It is certain that pseudopelletierine 
is the major component, constituting perhaps more than 50 %, and that 
the relative quantity of isopelletierine is of the same order as that of each 
of the components of the A-complex. 

Furthermore, we investigated by paper chromatography an old prepa- 
ration of “pelletierine” from Messrs. MeRcK #). Its composition was quite 
different from that of all the other samples under investigation. In this 
“pelletierine” preparation we found in almost equal quantities pseudo- 
pelletierine and one of the bases of the A-complex. In addition, we found 
a smaller quantity of methylisopelletierine; isopelletierine itself was not 
encountered. 

We will compare our results with those of GaLrNovsKy and HéLLINGER, 
who examined two samples, viz. one preparation from Messrs. MERCK, 
consisting of the hydrobromides of the alkaloids from Punica granatum 
and an extract from the root bark. They applied partition chromatography 
according to CHILTON and ParrripGr. From the fraction obtained by 
elution with dilute acid they isolated isopelletierine, which was identified 
in the form of the picrate with a synthetic preparation (d, l-form). They 
isolated this base from the two above-mentioned samples. 

This led these authors to the conclusion that one of the basic components 
which CumitTon and PARTRIDGE isolated (corresponding with peak E in the 
titration curve of CHiLTon and ParrripGe) and assumed to be pelletierine, 
has been isopelletierine. They consider this as a confirmation of their 
earlier opinion [4, 5] expressed on different grounds: “dass niimlich das 
Pelletierin der Literatur in Wirklichkeit Isopelletierin ist und dass dem- 
nach in der Granatapfelbaumrinde drei Alkaloide in grosserer Menge 
vorkommen, niimlich Pseudopelletierin, Isopelletierin und Methyliso- 
pelletierin’”’. 

We have shown above that the base mixture eluted with dilute acid 
actually contains isopelletierine. It is therefore very well possible to 
isolate isopelletierine from this mixture, provided it is present in a relatively 
large quantity. This relative quantity is known to be dependent on the 
nature of the material. In all our samples, however, the isopelletierine 
occurred in a relatively low concentration in addition to the A-complex 
and the component C referred to. 


*) This sample is from the collection of the Laboratory of Organic Chemistry 
of the University of Illinois (Urbana) and has been placed at our disposal by 
Prof. Dr Roger Apams, to whom we herewith express our thanks. We are also 
indebted to Dr M. I. Hirscuet for his intermediary. 
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The fact that GatrnovsKy and HoLuincErR succeeded in isolating from 
the acid eluate a substance which was identical with isopelletierine (d, I- 
form) must not lead to the conclusion that the component of peak E of 
CHILTON and ParrRipGe must have been isopelletierine. In_ this 
connection we point out that the difference between the melting points 
of pelletierine picrate and isopelletierine picrate given in the literature is 
small. 

The possibility remains that the ‘‘pelletierine’ described by Hess is 
identical with one of the bases found by us, which have not yet been 
identified. The question whether the structure assigned by Huss [5] to 
pelletierine is correct will not be discussed here, though we doubt the 
correctness of this structural formula. 

Another question is raised by GALINOVSKY, BIANCHETTI and Voc. [6], 
who describe the autoracemization of isopelletierine and methylisopelle- 
tierme. These investigators found that (+ )methylisopelletierine-d- 
bitartrate in weakly alkaline, aqueous and alcoholic solution at room 
temperature shows a decrease in specific rotation down to that of d-tartaric 
acid. An equal, but far weaker decrease in rotation takes place according 
to the same authors during the same treatment of optically active 
isopelletierine. 

We read this publication during our investigation into the most suitable 
extraction method of the Punica alkaloids from the bark of the pome- 
granate tree. We found that when lime was allowed to react too long 
with the mixture of the alkaloids the methylisopelletierine disappeared 
slowly. The paper chromatographic investigation of the conversions 
taking place on boiling a mixture of synthetic methylisopelletierine 
(d, l-form), methanol and saturated soda solution showed that the quantity 
of methylisopelletierine steadily decreases and has disappeared almost 
completely after 8-12 hours’ boiling, whilst four other spots appear on 
the paper after reaction with DRraGENDORFF’s reagent. Therefore we 
assume that methylisopelletierine is converted into other substances, 
which are probably condensation products of this alkaloid, while during 
continued reaction these substances are converted into products which 
no longer show the colour reaction with DRAGENDORFF’s reagent. On the 
strength of the observation that the methylisopelletierine has disappeared 
for the greater part after some hours’ boiling of the alkaline soda solution 
we consider it likely that racemization of the optically active methyliso- 
pelletierine will play a minor part in the decrease in specific rotation 
power of this alkaloid observed by Gantnovsky et al. 


Laboratory for Organic Chemistry 
of the University of Amsterdam 


Amsterdam, November 1954 
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PHYSICAL CHEMISTRY 


ENTROPY AND MOBILITY OF ADSORBED MOLECULES 
VI. POLAR GASES ON CHARCOAL 4) 
BY 


J. H. DE BOER anv 8. KRUYER 


(Communicated at the meeting of December 18, 1954). 


1. [yrrRopuctTion 


In the previous articles of this series we studied the thermodynamical 
behaviour of many gases adsorbed on charcoal. With the exception of the 
weakly polar carbon monoxide (article V) all these gases were nonpolar. 
In this article we shall treat the adsorption on charcoal of the following 
polar gases (vapours): methyl chloride, ethyl chloride, n-propyl chloride, 
diethyl ether, ammonia and water. From literature data we calculated 
the differential heat of adsorption, 4H, and the differential adsorption 
entropy, AS, in the manner described in the first article of this series. The 
experimental data on AS thus obtained were used to calculate AS° for 
the standard states of the two models of adsorption, which we introduced 
in article I, viz. the model of the ‘“‘entropically ideal site adsorption’, 
AS®, and the model of the “‘entropically ideal mobile adsorption”, ASj,. 
These experimental figures are subsequently compared with theoretical 
figures, namely the total translation entropy of the gas in the standard 
state at the given temperature. ,S?, and the difference between this 
entropy and the entropy of the ideal two-dimensional gas in its standard 
state at the same temperature, ,S?—,S?. When compared with the 
experimental ones these theoretical figures enable us to derive conclusions 
about the mobility of the adsorbed molecules. 


9. SATURATED ALIPHATIC CHLORIDES 


a. Methyl chloride 

PEARCE and Taytor 2) measured the adsorption of methyl, ethyl and 
n-propyl chloride on one and the same charcoal. Using the BRUNAUER, 
Emmerr and TrEL~uer technique, we found from the methyl chloride 
isotherm at 0° C that the amount of methyl chloride just filling a uni- 
molecular layer is 140 cm® per gram of charcoal. This figure enabled us to 
calculate the degrees of occupation, 9. For the specific area we used the 


1) I. J. H. DE BoER and §. Kruyver, Proc. Kon. Ned. Ak. v. Wet. B55, 
451 (1952); II. Proc. Kon. Ned. Ak. v. Wet. B56, 67 (1953); Ill. Proc. Kon. 
Ned. Ak. v. Wet. B 56, 236 (1953); IV. Proc. Kon. Ned. Ak. v. Wet. B56, 415 
(1953); V. Proc. Kon. Ned. Ak. v. Wet. B57, 92 (1954). 


2) J. N. Pearce and A. L. Tayror, J. Phys. Chem. 35, 1091 (1931). 
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figure 735 m?/e which we shall derive in b. Unfortunately, PEARCE and 
TAYLOR’s isotherm at 0° C could not be used for calculating the adsorption 
entropy. (This is also the case with the other chlorides.) The data derived 
from the other isotherms are assembled in table I, which is similarly 
arranged as the tables in our previous articles. 


TABLE I 


Methyl chloride on charcoal; data from J. N. Pearce and A. L. Taytor 
0 Y r , x0 
TT and 1 —AH | —As?| ,s® | —as® 0 _. so 


i a” tr 
6) eu. 


Df! 
oK 


a 


keal/mol 


e.u. 


| tr 
| 


| 
|. = a he pln = Lal Sl an Ll 


40 and 79.5 | 333 | 0.14 8.8 21.8 | 38.2] 137 12.0 
| 0.21] 85 21.3 13.4 
| 0.29 8.3 21.0 13.3 | 


The model of site adsorption does not give a satisfactory picture of this 


adsorption. The comparison of —AS®, and (,S°—,S®) shows that the 
adsorption of methyl chloride is mobile although the mobility is not 
entirely free but somewhat hindered. 

b. Ethyl chloride 

Applying the BRuNAUER, EmMMetrr and TELLER technique to the iso- 
therm at 0°C measured by Pearce and Taytor, we derived that the 


amount just filling a unimolecular layer is 110 em? per gram of charcoal. 
Using the figure of 24.8 A?, given by Lrvrvaston 3) for the area of the 
molecule, we found a value of 735 m2/g for the specific area of the charcoal 
used by the above investigators. Table IT contains the entropy data 


calculated from their isotherms. 


TABLE I] 


Ethyl chloride on charcoal; data from J. N. PEARCE and A. L. Taytor 


. Lr and Ty . 


°C | °5 9 Lape | $e, # s ita 43 
ccal) Th. eu. | eu, e.u. 
40 and 76.9 331 | 0.27 9.1 | 20.3 | 39.0 | 12.9 12.2 
0.36 8.9 19.9 | 12.8 
0.45 8.7 20.0 | 13.2 
0.55 8.4 19.2 | 12.8 
0.64 8.0 | 18.3. | 12.3 


GOLDMANN and Potanyr‘*) measured the adsorption of ethyl chloride 


on the same charcoal as was used by them in the adsorption tests with 
n-pentane (article IV) and carbon disulphide (article V). When applying 
the method of BruNauvgR, Emmerr and TELLER to their isotherms at 


—15.3 and at 0° C, we found the same value for Vm» Viz. 0.385 gram per 


*) H. K. Lrvrnasron, J. Colloid Sci. 4, 447 (1949). 
4) F. Go~tpMann and M. Poutanyi, Z. physik. Chem. 132, 321 (1928). 
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gram of charcoal. Using the above mentioned figure for the area per 


molecule, this leads to a specific area of 885 m2/g. 


TABLE IIT 


Ethyl chloride on charcoal; data from F. GorpMann and M. PoLAaNnyt 
———— 


a and T, ERY | eae SS Sea 
C Bi | keal/mol e.u eu. 6.u. vue 
— 15.3 and 0 | 265 | 0.13 11.8 O86 378 ele 12.0 
| | 0.17 11.4 2S) 211 
| 1.23) 10.9" {97a 20.2 
Osta. 110.8 26.0 19.4 
0.38 | 10.0 25.6 19.1 
| 0.49 | 9.5 24.5 18.4 
0.62 | 9.2 Ooi 16.2 
0.73 9.2 23.7 18.8 
0 and 20 283 | 0.09 | 12.5 Dore 38.2 19273 iG) 
| ge 12.0 29.3 2108 
0.17 11.8 29.2 21.9 
| 0.22 10.7 26.5 19.6 
0.30 10.5 26.6 ee | 
| 0.38 10.0 25.5 ise | 
| | 0.49 | 9.2 23.2 16.9 
| 0.60 9.5 26.4 19.0 


The entropy data derived from GoLDMANN and POLANYI’s measure- 
ments, which are assembled in table III, indicate a rather strongly hindered 
mobile adsorption, as will be discussed in d. Lrvinaston derived his value 
of the molecular area of ethyl chloride from adsorption measurements on 
graphite published by Prerce and SmrrH?). In the discussion it will 
appear that it is essential to know the mobility on this adsorbent. Although 
their data are not well suited for our calculations (one of the two isotherms 
has only three points below unimolecular occupation, which moreover are 
crowded together at the origin of the graph), we made an estimate of the 
adsorption entropy which is shown in table IV. 


TABLE IV 
Ethyl chloride on graphite; data from C. Pierce and R. N. SMITH 
Dwand Ts ey ee ; SAT is) i Spe) | ese 
°C Pais keal/mol e-1. eu. e.U. hible 
—78 and 0 | 234| 05 | 8.5 o4 | 372; 18 | 119 


c. n-Propyl chloride 

From the isotherm at 0° C, measured by Puarce and Taytor, we found 
with the aid of the method of BrunavER, Emmerr and TELLER that the 
value of v, is equal to 85 cm? per gram of charcoal. The entropy data 


5) (©. Prerce and R. N. Smirs, J. Phys. Colloid Chem, 52, 1111 (1948). 
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derived from the other isotherms published by these authors are assembled 
in table V. 


TABLE V 
n-Propyl chloride on charcoal; data from J. N. Pearce and A. L. Taytor 
oh and DL: —AH —ASs® | or —AS® or wow 
°C keal/mol eu. | @.U. e.u. e.u. 


d. Discussion 

In no case does the model of site adsorption give a satisfactory picture 
of the adsorption of the saturated aliphatic chlorides, the figures of — AS° 
always being much lower than the theoretical value ,S}. At 330° K methyl 
and ethyl chloride are almost freely mobile. n-Propyl chloride is mobile 
at the same temperature (as is ethyl chloride at lower temperatures) 
although the mobility is not free but seriously hindered, as is shown by 
the experimental figures of the standard adsorption entropy for mobile 
adsorption which are 6 to 10 e.u. higher than the theoretical ones. In 
article IT we concluded from a comparison between the adsorption of 
argon and of nitrogen that a hindering of the two translations will precede 
the hindering of the rotations. Although this argument is not entirely 
conclusive because the adsorption of the chlorides was not measured at 
the same charcoal, we again ascribe an important part of the difference 
between — AS), and (,S}—,S?) to a hindering of the translations. The 
rotational entropies of ethyl chloride at 283° K and at 234° K are 23.7 e.u. 
and 23.0 e.u. respectively (three directions). The amount of the difference 
between —AS®, and (,S?—,S®) is such, that it would cover the loss of 
roughly one rotation, if the rather improbable assumption were made 
that the entire difference had to be ascribed to a loss of rotation entropy. 
As in cases of flat adsorption not one, but two rotations are lost. it seems 
to us that also this quantitative argument points to the same conclusion 
as in the case of nitrogen (article IT), namely that the rotations are not 
hindered yet. 


As has been discussed in article IV, additional indications about the 
behaviour of the rotations can be gained by comparing the area occupied 
by the molecule with the two-dimensional van DER WAALS’ constant by. 
We determined the specific area of the charcoal of GoLDMANN and POLANYT 
as well as that of the coal of Prarcy and Taytor from the adsorption of 
ethyl chloride. The area calculated for the other molecules on these coals 
will depend on the value chosen for ethyl chloride. We chose the value 
given by Livrnasron (24.8 A?) which is the right value for a freely rotating 
molecule because it is nearly equal to the b, value of 27.3 A. Livinaston 
derived this figure for the molecular area of ethyl chloride from the 
measurements by Prerce and Smirx (see above under b) on graphite 
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with a specific area known from nitrogen adsorption at low temperature. 
As a comparison of tables IIT and IV shows that the behaviour of ethyl 
chloride on the charcoal of GoLDMANN and PoLanyi is completely com- 
parable to the behaviour of the same gas on the graphite of Prarce and 
SMITH, the same molecular area, viz. 24.8 A?, may be used. This also 
confirms the right choice of the surface areas for n-pentane (article IV) 
and CS, (article V) on the same charcoal. 

As (table II) ethyl chloride is certainly freely mobile on the charcoal 
of Pearce and Taytor, the same molecular area must be used here, 
which leads to the specific area of 735 m?/g for this charcoal (see under b). 
This again leads (with v,,=85 cm, see under c) to a molecular area of 
32.1 A® for n-propyl chloride on this charcoal. As this latter figure is nearly 
the same as the value of b, of this gas, viz. 31.7 A?, we may conclude that 
also n-propyl chloride is freely rotating in its adsorbed state on this charcoal. 


3. DIETHYL ETHER 


GOLDMANN and Pouanyi also measured the adsorption of diethyl ether 
on their charcoal. The method of BRuNavuER, Emmet? and TELLER applied 
to the isotherms of — 15.3 and 0° C gives in both cases the same value of 
Um Viz. 0.322 g per gram of coal. This figure was used to calculate the 
degrees of occupation. The entropy data are assembled in table VI. These 
data show that at the lowest degrees of occupation the experimental 
value —AS®° comes near to the theoretical figure for site adsorption, ,S?, 
which means that the molecule is almost localized, provided the rotations 
are not markedly hindered. If we did not know that a hindrance of the 
translations frequently precedes and certainly always accompanies that 
of the rotations, mobile flat adsorption with the loss of only one translation 
together with two rotations might have been a possible explication, 
because the rotation entropy of the free gas is equal to 24 e.u. at these 
temperatures. That the rotations are practically free is shown by the fact 
that the molecular area calculated from v,, and the specific area, namely 
34.1 A2, is comparable with the b, value 36.0 A*. At higher degrees of 
occupation the mobility increases but remains strongly hindered. 


TABLE VI 


Diethyl ether on charcoal; data from F. GotpMAann and M. POLANyYI 
eee eee ee eee ee ec eT —_——_—_————— 


T, and T, tl P —AH —AS?| ,S2 | —AS? | Sh — Sp 
XC) PAKS keal/mol e.u. e.u. 6.10) e.u. 
— 15.3 and 0 265 | 0.37 13.8 33.6 | 38.2 27.6 12.1 
0.42 13.6 32.0 27.4 
0.47 13.1 31.5 26.3 
0.61 11.4 26.8 21.8 
0.70 11.2 27.0 22.3 
0 and 20 283 | 0.25 15.2 36.2 | 38.6 29.5 12.2 
0.30 14.1 33.2 26.6 
0.39 13.0 30.5 24.2 
0.47 12.1 29.0 22.9 


5 Series B 
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4, AMMONTA 

Trrorr *) measured the adsorption of ammonia on the same charcoal as 
was used by him in the adsorption tests with nitrogen (article II) and CO, 
(article V). Using the method of BrunAvER, Emmerr and TELLER, the 
same figure of v,,=108 cm*® per gram was derived from the isotherms of 
— 23.5 and 0° C, which value was used in calculating 6. At a molecular 
area of 14.6 A?, as given by Livineston, this corresponds with a specific 
area of 422 m?/g. The figures derived from his data are assembled in 
table VII. 


TABLE VII 


Ammonia on charcoal; data from A. Trrorr 


1, and 7, i ae ; | = | ASE | Se | 48% Se SD. 
2c °K keal/mol | eu. | eu. | eu. | e.u. 
— 23.5 and 0 | 261 | 0.41 6.2 17.9 | 33.8| 104>| 10.6 
| 0.58 6.4 18.2 | 114 | 
| } 
0 and 30 288 | 0.32 6.9 20.7 | 34.3] 12.9 10.7 
0.55 6.9 } 20.4 | 13.5 
0.69 7.0 | 20.2 14.0 
| 
30 and 80 328 | 0.11 7.0 | 21.3 | 349] 12.6 10.85 
0.18 12 | 219 | 13.3 
0.32 7.3 | 21.9 | ~13.7 
| | 
80 and 151.5 389 | 0.05 6.3 | 18.7 | 35.8 9.5 | 11.0 
0.09 6.5 | 19.7 (10.4 


The adsorption of ammonia on charcoal was also measured by 
RICHARDSON “), who stated that in his measurements he met with the 
following difficulty. Below 55°C the equilibrium pressure found when 
coming from higher temperatures differed from the value found when 
coming from lower temperatures. He succeeded in reproducing both 
values many times but did not give an explanation for this phenomenon 
and published the values measured at rising temperatures. We must. 
however, be cautious with his data below 55° C. The BRuNavER. Emuerr 
and TELLER technique applied to the isotherms of 0 and 20° (: gives the 
same value of v,,= 108 em3/g. This shows that his charcoal had the same 
specific area as that of Trrorr. The data are assembled in table VITI. 

Finally we treated the isotherms published by Maanus and Kratz 8} 
which were measured on the same charcoal as was used by them in their 
adsorption tests with carbon dioxide (article V). With the method of 
Brunaver, EmMmerr and TELLER we found from the data at Ug ee 


Vv, —7.58 millimol per gram which corresponds to a specific area of 


8) A. Trrorr, Z. physik. Chem. 74, 641 (1910). 
") L. B. Richarpson, J. Am. Chem. Soc. 39, 1828 (1917). 
*) A. Maenus and H. Kratz, Z. anorg. Chem. 184, 241 (1929). 
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TABLE VIII 


Ammonia on charcoal; data from L. B. RicHarpson 
ee eee 


Te and T, iy ; —AH SSA eS eh co ace eco 
Tek kcal/mol erul e.u. e.u. e.u. 
— 20 and 0 263 | 0.24 7.0 20.5 /38.8 | 1975 10.6 
| 0.44 3.8 9.4 22 
0 and 30 2687042 6.0 1641 | 34.3 7.6 10.7 
0.23 6.1 Lai 8.7 
0.42 5.5 15.7 8.0 
0.60 | 6.0 V7t 10.2 
| | 0.79 6.4 17.9 12.2 
| | 
30 and 55 ~=—- | 315.5 0.12 7.6 21.3 | 34.7) 12.5 10.8 
| 0.23 8.5 25.2 16.8 
| 0.42 7.4 22.4 14.2 
| 0.58 7.6 22.6 15.3 
0.79 7.6 21.4 15.6 
55 and 85 | 343 | 0.12 8.2 B3120 35.1) las 10.9 
| | 0.23 7.5 29.1 13.5 
| 0.37 | ie 2118 13.6 
0.54 | flee | 22.3 14.7 
| 0.69 78 22.8 16.0 
85 and 115 | +373 | 0.11 | 7.6 2140 <36.6 || 1205 11.0 
| 0.18 | 6.6 19.4 10.6 
| 0.32 | 6.8 20.4 12.4 
| 0.44 6.5 19.8 12.4 
115 and 145 403 | 0.09 | 8.4 23.5, 35.9 14.1 11.05 
| 0.184 7.9 29.7 ie; 
0.25 | ie se 12.5 
| 0.30 | 7.4 21.9 13.2 
145 and 175 | 433 | 0.09 8.5 23.6. 26.8 | 14.3 iat 
| 0.14 | 7.9 22.7 13.5 
0.18 | 8.0 23.1 14.0 


666 m2/g provided the above mentioned value is used for the molecular 
area of ammonia. The entropy figures derived from their data are given 
in table IX. 

The data of Trrorr and those of RICHARDSON above 55° C are in excellent 
agreement with each other and point to a somewhat hindered mobile 
adsorption. As stated above, the figures which the latter author has found 
below this temperature are not fully reliable, so we need not bother about 
the divergent results in that range. The data derived from the experiments 
published by Maenvs and Kravz also point to a hindered mobile adsorption 
but suggest a higher degree of hindering, especially for the first molecules 
adsorbed. It is difficult to ascertain whether the hindering of movement 
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TABLE IX 


Ammonia on charcoal; data from A. Macnus and H. Kratz 
Dee ee 


T, and 7, ce ie —AH | —4s?| ,S2 | —A8%,| SP — aSh 
°C ALS kcal/mol 6.1. eu. | @.U. e.u. 
0 and 20 283 | 0.014 11.0 | 28 Fe 1 Saal 20.0 10.7 
0.025 10.4 27.6 20.3 
0.035 10.3 ' | 29.6 | 21.0 
0,058 9.5 27.9 | 19.4 
0.23 8.2 | 25.6 | | 17.4 
0.32 8.0 | 26.2 : 273 
0.44 7.9 24 17.4 
0.55 7.8 | 240.9% | IAB 
0.61 7.8 | 24.5 | 18.2 
20 and 40 303 | 0.04 9.4 27.1 | 34.5 | 18.4 10.8 
0.17 7.9 24.1 | 15.7 
0.24 8.0 | 24.7 (16.4 
0.30 7.5 | 23.4 4 | 15.3 
0.40 15 |.93s8 15.5 
0.42 7.5 23.7.4 | 15.9 
0.50 7.5 23.5 | | 16.0 
0.55 1.2 22.5 15.3 
40 and 60 323 | 0.08 ae 24.3 | 34.8 | 15.7 10.8 
0.12 7.9 23.7 | 15.0 | 
| 0.15 7.7 23.4 14.7 | 
0.18 7.6 23.2 | 14.7 | 
0,24 7.4 22.9 | 14.5 
0.27 73 92.7 14.3 
0.33 7.3 22.6 | 14.4 
0.37 7.2 | 22.6 | 14.5 
0.40 7.2 | 22.5 | 14.5 


has an effect upon the rotations. It is also difficult to discover the cause 
of discrepancy between the behaviour of the coal of Magnus and Kratz 
and those of RicHarpsoNn and of Trrorr. It is known that, depending on 
the procedure of activation of the charcoal, this material may sometimes 
have a weakly acid character (ionic exchange); if the coal of Maanus and 
Kratz did possess a certain amount of weak acid groups, the higher 
values of —AS® and of —AS® might be understood. 

As stated in article I, for the coal of Trrorr a specific area of 290 m2/g 
was calculated from the nitrogen adsorption as against the value of 
422 m*/g found here; for the coal of Maanus and Kratz we found a value 
of 350 m*/g from the adsorption of CO, (article V) as against the figure of 
666 m?/g given above. In both cases the lower values were obtained by 
using —for want of a better value —the w,, value derived from a Langmuir 
plot, whilst in the case of ammonia we could use the more reliable method 
of BRuNAuER, Emmert and TeLuer. We may expect that the first method 
gives a too low value. Anyhow, if the molecular area of ammonia on 
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charcoal differs from the value given by Livinestron, which was derived 
from the adsorption on porous glass and which is comparable with the 6, 
value of 15.0 A?, it must be lower. This would indicate a packing denser 
than is possible with freely rotating molecules and thus to a hindered 
rotation. The rotational entropy of ammonia is 11.5 e.u. at 263° K and 
13.0 at 433° K, so that according to RicHarpson’s and Trrorr’s data as 
well as to those of Maanus and Krarz at 323° K at most one rotation 
could be lost on adsorption. The whole behaviour points to free rotation 
of the adsorbed NH;-molecules, whilst there may be, sometimes, a slightly 
hindered translation. This means that the figures for the specific areas, 
derived in this article, are to be preferred to those mentioned in articles 
If and V, respectively. The conclusions, derived for the entropies of N, 
and of CO, in those articles are, fortunately, not affected by the wrong 
choice of the specific area. 


~ 


5. WATER 


The adsorption of water on charcoal was measured by CooLipGe 9), 
Using ordinary commercial charcoal he could not get reproducible results. 
Only on a charcoal with a very low ash content obtained by carbonising 
recrystallized cane sugar were the measurements reproducible. He does 
not give figures on the adsorption of other gases on this charcoal and only 
mentions that the adsorptive capacity of the sugar coal was less than 
half that of an ordinary charcoal. Because a good commercial charcoal 
has a specific surface area of about 1000 m?/g, we estimated, for want of a 
reliable calculation, the specific area of the sugar coal at 500 m?/g. As 
the water isotherms cannot be described by the LanGmuir equation nor 
by that of BkunavER, Emmet?’ and TELLER we moreover had to estimate 
v, from the specific surface area and the molecular area as given by 
LIVINGSTON 2). The entropy data are assembled in table X. 

Pierce and SmirxH !°) studied the adsorption of water on a partially 
graphitized carbon black and found a specific surface area of 80 m?*/g. 
From this value and the molecular area we calculated the degrees of 
occupation as given with the entropy data in table XI. 

The data of both tables point to it that below room temperature the 
adsorbed water molecules are localized. The data from Prerce and SMITH 
indicate that besides the translations water also loses part of the rotations 
during the adsorption process, for the experimental figures for — AS} are 
greater than the theoretical value ,S},. The rotational entropy of the gas 
amounts to 10.0 e.u. and 11.3 e.u. at 258° K and 401° K, respectively 
(three directions). . 

At higher temperatures the mobility of the adsorbed water increases 
and the adsorption above 100° C might be described as freely mobile with 
hindered rotations, although it is more probable that the translations are 


9) A. S. CooripeE, J. Am. Chem. Soc. 49, 708 (1927). 
10) ©, Prerce and R. N. Smiru, J. Phys. Colloid Chem. 54, 795 (1950). 
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TABLE X 


Water on charcoal; data from A. S. CooLIDGE 


a ES EN ES EE LT 


7 ‘a 0 Lye YO 
T, and 1, fl —AH | —AS?| 8% | —AS®,| ,S2 — 4S? 

oC Ane 6 keal/mol | eu. ©.U. 6.U. e.u. 

| | | a 

— 30 and 0 258 | 0.002 Lies: 37 33.9 | 28 10.7 
0.009 10.8 35 | 26 
0.025 10.8 35 | 25 
0.098 10.8 32 23 

O and 20 283 | 0.002 | 9.5 31 34.44 22 10.8 
0.009 | 10.3 34 24 
0.025 | 10.4 33 24 
0.098 | 10.8 32 23 

20 and 61 313.5) 0.002 9.5 31 | 34.9 21 10.9 
0.009 9.1] 30 20 
0.025 10.0 ‘ee | 23 
0.098 10.6 31 |} 22 

61 and 100 353.5] 0.002 | 8.0 26 85.5 | 17 11.0 
0.009 8.5 28 18 
0.025 8.6 27 | 18 
0.098 | 10.0 30 20 

100 and 156 401 0.002 | 7.9 26 36.1 | 16 11.1 
0.009 | 25 16 
0.025 | 8.5 27 17 
0.098 9,1 27 18 

TABLE XI 


Water on carbon black; data from C. Prerce and R. N. SmrrH 


uv AP hate lad A 
8 


0 and 28.6 


fd 
AUS 


287 


- —AH —AS? | ,S? | —AS® 

keal/mol e.u. eu. | ©.uU. 
0.003 10.8 37.6 | 34.4 | 28.6 
0.007 | 10.8 37.8 | 28.4 
0.010 10.8 37.8 | 28.4 
0.013 10.8 37.4 29.8 
0.017 10.8 37.1 30.3 
0.020 10.8 36.8 30.8 


a0 10 
go” ro a tr 


e.u. 


10.8 


hindered and the rotations are free or nearly free. There is no possibility 
to ascertain the freedom of the rotations from the molecular area. On the 
contrary we had to assume a value for the molecular area in order to 


calculate the degree of occupation and the standard adsor 


for “entropically ideal site adsorption”. 


ption entropy 


From all the polar gases, adsorbed on charcoal or graphite, which we 
could use in our investigations of the entropy of adsorption, water is the 


only one which shows such a loss of entropy that w 


e have to conclude 


a 


that its molecules are not only localized, but also restricted in their 
rotations. Apart from the localization on adsorption sites, there is, there- 
fore, a certain orientation. This orientation is not a mutual orientation of 
the adsorbed molecules themselves, for it occurs at very low degrees of 
occupation. The orientation is apparently caused by the nature of the 
adsorption forces which are in operation here. 

It is already known from the work of Kempatt ¥) that water molecules, 
when adsorbed on mercury, lose all their translations and rotations. In 
order to compare the data of KEMBALL with ours, we have re-calculated 


his experimental figures with our procedure. The figures are shown in 
table XIT. 


TABLE XII 
Water molecules on mercury; data from C. KEMBALL 
ieands ie | “ie | 9 —AH =AS))) 3s, SAS es Sse 
| keal/mol e.u. e.u. e.u. e.u. 
| 


25 and 50 310.6 0.0017 | EG | 48.5 | 34.8 | 39.3 | 10.8 


We see that —AS? is far greater than ,S}; there is, apparently, a far 
greater loss of entropy than given by the loss of the entropy of translations 
only. The total entropy of water (gas molecules) at 310.6° K is 45.4 e.u. 
There is, as we see from the figure of — AS?, an even greater loss than the 
total entropy. KmEMBALL suggested the water molecules to be adsorbed as 
localized double-molecules. If we calculate —AS$ with our procedure for 


double-molecules, outlined in article III of this series, we find 


with z=4 ; AS = 255) eu, 
and with z=6 ; —AS%=46.0 e.u. 


> 


a figure which is practically the same as that of the total entropy of the 
gaseous water molecules. 

The adsorption of water on charcoal at temperatures lower than room 
temperature, seems to lead to a fixation, comparable to the binding on a 
mercury surface, and on other metal surfaces !). Together with the high 
figures for the heat of adsorption, the entropy of adsorption points to a 
strong fixation of water molecules, singly or as dimers, which, however, 
do not easily form a continuous adsorbed layer on the metal (or charcoal) 
surface. 

One might ask whether the strong peripheric dipole of water could be 
responsible for this behaviour. This, however, is very unlikely, because 
the forces, exercised in the binding of a dipole on a metal surface, are 
negligibly small }%). 

There is another possibility of binding in this case, however; it may be 


11) ©. Kempatt, Proc. Roy. Soc. London A190, 117 (1947). 
12) See C. Kempat, Adv. in Catalysis IT, 233 (1950). 
13) J. H. pe Bour, Adv. in Colloid Science IfI, 35 (1950). 


Te 


assumed that the water molecules in donating an electron to the metal 
(or the charcoal) enable their oxygen atoms to form an oxonium bond, as 
indicated in below figure. 


H H 


Such a configuration would lead to adsorption of isolated, localized and 
partially orientated molecules, or to the formation of dimers, but not to 
a continuous adsorbed layer of water molecules. 

The surface, in other words, would not be wetted by water, although 
the heat of adsorption of the molecules is rather high. 

A similar picture has been suggested by SuHRMANN #4) to explain the 
strong increase of the photoelectric emission of metal found by ScHaarr }) 
when water molecules are adsorbed. 


6. SUMMARY 


At the end of each section of this article we have discussed the parti- 
cularities of the adsorption of the polar gases which we could treat, whilst 
also conclusions about their mobility could be drawn. Summarizing these 
conclusions we may say: 


1. Methyl, ethyl and n-propyl chloride, diethyl ether and ammonia when 
adsorbed on charcoal in the neighbourhood of room temperature are 
mobile. 


2. The adsorbed molecules of the said chlorides and of diethyl ether 
rotate freely. The same conclusion may be drawn for ammonia, 
adsorbed on the charcoals, used by Trrorr and by RicHARDSON. 

3. At temperatures, lower than room temperature, water is localized 
when adsorbed on charcoal but at higher temperature mobility sets in. 
The localized water molecules have lost a considerable part of their 
rotations; they are, therefore, at least partially, orientated. 


Staatsmijnen (Netherlands State Mines : 


Central Laboratory 
Geleen (L.), December 1954 


M4) R. SuuRmann, Z. Elektrochemie 56, 351 (1952). 
15) E. Sonaarr, Z. physikal. Chem. (B) 26, 413 (1934). 


PHYSICAL CHEMISTRY 


THE TIME OF ADSORPTION AND THE TIME OF OSCILLATION 
BY 


8. KRUYER 


(Communicated by Prof. J. H. pe Borer at the meeting of January 29, 1955) 


1. InrTRoDUCTION 


The molecular kinetic theory of adsorption introduces the concept of 
the time of adsorption [1]. A molecule from the gas hitting the surface, 
is generally not reflected but caught, stays some time on the surface 
and returns to the gas in a direction independent of the direction of 
incidence. The mean duration of the stay on the surface is called the 
time of adsorption tT. 

The amount adsorbed on a unit of area is equal to the product of the 
time of adsorption and the number of molecules falling upon a unit of 
area in a unit of time. This number is known from the kinetic theory 
of gases and is proportional to the pressure P and inversely proportional 
to the square root of the temperature 7’ and of the molecular weight M. 
Because under the usual experimental conditions the variation in the 
latter two factors is not great, the amount adsorbed is mostly determined 
by the surface area, the pressure and the time of adsorption. 

FRENKEL [2] derived the relation 


where — AH is the heat of adsorption and 7, the time of oscillation which, 
according to the derivation by FRENKEL, is equal to the reciprocal fre- 
quency of the vibration perpendicular to the surface. This predicts a 
strong viz. exponential dependency of the time of adsorption, and thus 
of the amount adsorbed at unit of area and at a given pressure on 
the quotient of the heat of adsorption and RT’. 

The pre-exponential factor t, should not vary much from case to case 
but remain in the order of 10-1% sec. This is the right value to be ex- 
pected for very high temperature or a very low heat of adsorption where 
there is no adsorption at all and the stay time at the surface is reduced 
to the duration of a molecular encounter. 

The value of t, was calculated for the gases adsorbed on charcoal 
which were treated in a series of publications by the author and DE 
Boer [3]. For all cases, where the adsorption is mobile, figures in the 
order of 10-13 were found but for water, where the adsorption is known 
to be localized — see VI of loc. cit. 3 —, a value of 1x 10-16 sec was 
calculated. Because such a low value cannot represent a reciprocal mole- 
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cular frequency, Frenkel’s derivation was scrutinized. It appeared that 
FRENKEL derived his relation for the special case of mobile adsorption 
where the perpendicular vibration contributes to the entropy of the 
adsorbed molecule, that is, for the special case of mobile adsorption for 
which KemMBauu [4] introduced the term “‘supermobility”’. Therefore the 
general character was investigated for all possibilities viz. free or hindered 
mobile adsorption and localized adsorption. 


2. THE TIME OF ADSORPTION ACCORDING TO STATISTICAL MECHANICS 


Because the time of adsorption determines the adsorption equilibrium, 
it can be calculated by statistical mechanics from the partition functions 
of the gaseous and the adsorbed molecule. This method was also employed 
by FRENKEL. 

At equilibrium the partial free energy of the gas 4, must be equal to 
that of the adsorbed molecules y,. The partial free energy can be calcu- 
lated from the partition function f with the well-known formula: 

= —RTInt 
where NV is the total number of molecules in the phase considered. 


a. Mobile adsorption 


The partition function of the molecule, gaseous and adsorbed, may 
— by a very close approximation — be said to be equal to the product 
of separate partition functions of the translations, rotations and vibra- 
tions. The energy zero of the gaseous and the adsorbed molecule is 
not the same, the difference being the heat of adsorption —AH, at 
absolute zero. The equilibrium condition is equivalent to 


( l ) aftr X ofrot X of vior 4. aftr X afrot X afvibr e—4Ho/RT 
Ng Na : 


The translational partition function aftr Of an ideal gas is equal to 


j  (2amkIN's NokL 
oltr ~ \" 7a ) P 


and that of an ideal two-dimensional gas is: 


2amkT 
al. freetr —~ pa 0 
v 


where 0 is the total area of the adsorbent. 

If the translations are hindered, the translational partition function of 
the adsorbed molecules ,f,, will have a lower value. If the rotations are 
free, the rotational partition function of the adsorbed molecules ofr is 
the same as that of the gas, but, if the rotations are hindered, it is smaller. 
The vibrational partition function for the gas ofyip, is itself a product 
of the functions of the various internal vibrations. Besides the same number 
of internal vibrations, the adsorbed molecule has the vibration perpen- 
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dicular to the surface which takes the place of the lost translation. It 
is likely that the internal vibrations will not be altered, especially not 
in the case of physical adsorption so that it is useful to split off the 
partition function of the perpendicular vibration /, and to assume that 
the remainder is equal to the total vibrational partition function of the 
gas. Substituting all these values in the equilibrium condition we find 
that the amount adsorbed at unit of area o or N,/0 can be expressed by: 


(2) G = P F- i altr abe e~4H/RT 


V2amkT kT Apo ane 
According to the kinetic theory of gases the number of molecules 


fallmg on 1 cm? in 1 sec is equal to . If we use the definition 


V2amkT 
of the time of adsorption viz. 
12 


(3) = 
V 2amkT 


we see that equation (2) leads to a relation of the form t=, e~7#0/8? 
as was also found by FRENKEL, the only difference being that the ex- 
ponent contains the heat of adsorption at absolute zero and not at 
the temperature where the adsorption takes place. The pre-exponential 
factor tT, is equal to the product which in equation (2) is enclosed within 
the square brackets, and whose meaning is generally quite different 
from that given by FRENKEL. For a freely translating and freely rotating 
adsorbed molecule t,=(h/kT) f, and only if the frequency y, of the perpen- 
_ dicular vibration is so low that hy, is much smaller than the kinetic 
energy kT’ — which means that at 300 °K the frequency is much lower than 
6 x 10! sec-! or the wavenumber is much lower than 200 cm~ —, the par- 
tition function f, is equal to the classical value kT /hy, used by FRENKEL, 
so that t)=(1/v,). If the perpendicular vibration is practically in its lowest 
state, because the vibrational quantum /y, is much greater than k7’ and 
therefore does not contribute to the entropy, the partition function /,=1 
and 1, is equal to h/k7'’ which has the dimension but not the meaning of 
a reciprocal frequency. At 300 °K the value of h/k7T’=1.60 x10) sec. 
Although the meaning is different, the numerical value of h/kT in the 
temperature range where the adsorption is usually measured, is of the 
order of a reciprocal molecular frequency, that is of the order of 10~ sec. 

Much lower values must be expected, if the two translations are 
seriously hindered or if rotations are lost during adsorption, for instance 
because the molecule lies flat on the surface. The adsorption of benzene 
on mercury forms an example. With the aid of entropy considerations 
Kempatt [5] has shown that benzene on mercury at room temperature 
is freely mobile but has lost two rotations, retaining only the rotation 
in the plain of the ring. The perpendicular vibration and the vibrations 
replacing the lost rotations do not contribute to the entropy, so their 
partition functions must be 1. The ratio of the partition function of the 
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rotation in the plain of the ring to that of the three rotations in the 
gas is 6.8x 10-4 at 300 °K, so we must expect t, to be 6.8 10-*A/kT 
or 1.1 10-16 sec. From measurements by KEMBALL and RiIpEAL [6] we 
calculated t)=5 x 10-1? sec. The difference with the theoretical value may 
be due to the uncertain extrapolation of the measured heat of adsorption 
bo? == 0; 


b. Localized adsorption 

In this case three translations are lost during adsorption and are 
replaced by the perpendicular vibration and two vibrations along the 
surface. Instead of the partition function for free or hindered translations 
used in the case of mobile adsorption, we are now dealing not only with 
the partition functions /, and f, for the vibrations along the surface, 
but also with a factor which finds its cause in the number of possible 
sites and which might be 
in equation 


ways of distributing N, molecules over N, 


called the localisation partition function. As a result ,f,,/N 


(1) must be replaced by (=) fet, where 0=N,/N,. 


Moreover we might expect some alterations in the internal vibrations, 
especially in case of chemisorption. The partition functions of these 
vibrations being of the order of unity, their values cannot change much, 
and we left the effect out of consideration. A combination between the 
equilibrium condition and the definition of 1, leads to the following 
expression for the time of adsorption: 


a 


h wd , jf abrot “ 
kT 2anmkT ‘ely se Fe € 


(4) t=(1-9) 


—AH,/RT 


Here the time of adsorption appears to be dependent on the amount 
adsorbed and to drop to zero in the case of a fully occupied monolayer. 

By using the translational partition function of the ideal two-dimensional 
gas in the case of mobile adsorption, we have neglected the area of the 
molecule itself, otherwise we should have found there an analogous de- 
pendency on the amount adsorbed. For comparison we must take the 
value for low degrees of occupation where the factor (1—#) can be 
cancelled. 

The exponential dependency on the heat of adsorption is the same but 
T) is lower by the factor h? N,/2amkTO which cannot be entirely compen- 
sated by the product /,/,. By way of numerical example we calculate this 
factor for water at 300 °K. If N,/0 is ca. 101 per cm® then h?N,/2amkTO 
turns out to be ca. 610-3. The maximum value of T in the case of 
localized adsorption will be of the order of 10-1 sec, A loss of rotations 
will cause a further lowering. 


3. DiscuUssION AND CONCLUSIONS 


From our calculations in 2a it follows, that for mobile adsorption at 
not extremely high or low temperatures the value of T) will be of the order 


a 


of 1071 sec, provided the translations and rotations are not very seriously 
hindered and that we are not concerned with a very extreme case of 
supermobility. In the series of publications [3] it is shown from entropy 
considerations that in most cases of physical adsorption on charcoal and 
graphite the molecules are almost freely mobile, a phenomenon which 
was also observed on other adsorbents by Kempatn [4]. There are, how- 
ever, exceptions e.g. water on charcoal, which is localized, and benzene 
on mercury, which is freely mobile, but lies flat on the surface. As a 
rule, the practice of making a rough estimate of the amount adsorbed 
at unit of area at a given pressure by calculating or estimating the heat 
of adsorption and choosing t)= 10-13 sec, is justified for physical adsorp- 
tion. However, if it is to be expected that rotations or more than one 
translation are totally lost during adsorption, a much lower value of Tt, 
has to be taken. 

Only in the case of supermobile adsorption does t, represent a reci- 
procal molecular frequency or a real time of oscillation. In the other 
cases we may still call it the time of oscillation, but it really represents 
what is left from the ratio of the partition function of the adsorbed 


molecule to that of the gaseous molecule, after the factor ——— 
\2amkT 


the number of molecules falling per sec on 1 cm? has been split off. 

This ratio of partition functions determines both the temperature 
dependency of the heat of adsorption and the adsorption entropy. This 
temperature dependency may be left out of consideration, if only the 
order of magnitude of 7, is wanted and we may say, that tT, is of the order 
of 10-13 sec when the adsorption entropy is nearly equal to the value 
corresponding with the total loss of one translation. If the adsorption 
entropy is considerably smaller than the said value, t, will be of a higher 
order whilst, if the adsorption entropy lies well above the said value, 
the order of magnitude of t, will lie below 10-” sec. 


Staatsmijnen (Netherlands State Mines) 
Central Laboratory 


Geleen (L.), January 1955 
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CHEMISTRY 


THE CHEMISTRY OF ACETYLENIC ETHERS 
IX. ADDITION OF MERCAPTANS TO ETHOXYETHINYL COMPOUNDS 


BY 


J. F. ARENS, Mrs A. C. HERMANS anv J. H. SPERNA WEILAND 


(Communicated by Prof. H. J. Backer at the meeting of December 18, 1954) 


In continuation of our investigations on the reactivity of acetylenic 
ethers we studied the addition of ethyl mercaptan to ethoxyacetylene (1). 
It was found that—depending upon the quantity of the mercaptan used — 
three compounds could be obtained, viz. I], III and IV. 


A, HC=C—OC,H, + C,H,SH > C,H,S -CH =CH —OC,H, 


I II (Bp 56 —66°, 9.5 mm; n?? 1.4830). 
< , ‘ avale = 1 . ‘ : ‘ ‘ SCH; 
B. C,H,8 —CH CH —OC,H, + CH,SH > C,H,S8— CH, —CHCOC 
2s 
Til (Bp 121 —125°, 19 mm; ny 1.4972), 
C.- C,H,8 —CH, —cHC > Oss + C,H,SH ai H,S —CH,—cH(eO2is 
: otis» 2 \OC,H; qtisVit —> Uelis 2 SC,H,; 
IV (Bp 147 —151°; 17 mm; n?° 1.5419). 


The reactions A and B proceeded easily in refluxing ether. Reaction C 
required a small quantity of sulfuric acid as a catalyst. 

The structure of the substances II and III appeared from the fact that 
hydrolysis with boiling dilute hydrochloric acid followed by treatment 
with 2,4-dinitrophenylhydrazine in both cases gave good yields of the 
2,4-dinitrophenylhydrazone of ethylmercapto-acetaldehyde 

JNO, 
ON —¢ >—-NH —N=CH—CH,—SC,H, (Mp 123—125°). 


The substance II was obtained as a mixture of the cis and trans com- 
ponents. These could be separated by careful distillation. Two fractions 
were obtained: a (probably trans component) Bp 56.8-57.3° (9.5 mm), 
nj 1.4780 and 6 (probably cis component) Bp 64.6-65.3° (9.5 mm), 
nj 1.4860, 

Gradually the two isomers interconverted and yielded an equilibrium 
mixture. From both isomers the 2,4-dinitrophenylhydrazone of ethyl- 
mercapto-acetaldehyde could be obtained. 

The substance III could also be obtained from ethylmercapto-acetal- 
dehyde-diethylacetal (prepared from sodium ethylmercaptide and bromo- 


79 


acetal) by refluxing with ethyl mercaptan and a small quantity of sulfuric 
acid. 

The reaction A probably proceeded by a radical mechanism. In the case 
of an ionic mechanism the primary reaction product should have had the 
structure 
SCH; 


BiC=CCOc 


and this substance could be expected to add a second molecule of ethyl 
mercaptan yielding 
/ SC Hs 
H—c —sc.n, 
OC. 


(compare the addition of hydrogen chloride, of carboxylic acids, and of 
alcohols and phenols in our earlier papers). 

We also studied the addition of mercaptans to ethoxyethinylcarbinols 
(obtainable from ketones and the Grignard derivative of ethoxyacetylene). 
The reaction was much slower in these cases (illumination and the addition 
of peroxidic catalysts were necessary). 

From 1-ethoxy-3-methyl-but-1l-yn-3-ol (V) and benzyl mercaptan we 
obtained a colourless crystalline solid (VI, Mp 63.5-64°): 

(CH,),COH —C=C—OC,H, + 3C,H, —CH,SH > 
V — (CH,),C =C(SCH,C,H,;)CH(SCH,C,H;), + H,O + C,H,OH. 
VI 

From VI the 2,4-dinitrophenylhydrazone of «-benzylmercapto-f-methyl- 

crotonaldehyde could be obtained (Mp 152°). 


University of Groningen, 
Laboratory for organic chemistry. 


MECHANICS 


ON THE ESTIMATION OF TORSIONAL RIGIDITY 
A be 


J. BARTA 


(Communicated by Prof. C. B. BrzzEno at the meeting of November 27, 1954) 


Abstract. This paper establishes formulas giving lower 
and upper bounds for the numerical value of torsional 
rigidity of elastic prismatical bars. Simply and multiply 
connected domains are considered. Examples elucidate 
the application of the formulas. 


J. B. Drtaz, G. Pétya and A. Werystern. have described in their 
papers [1] methods for estimating the torsional rigidity of elastic pris- 
matical bars *). A method for the same purpose will be proposed in the 
present paper. This method essentially differs from those of the mentioned 
authors, and is based upon formulas (1), (2), (3) and (4). 


Formulas referring to simply connected domain. Let us consider an 
elastic prismatical bar the cross section of which is a simply connected 
domain (Fig. 1). We denote the cross-sectional area by f, the boundary 


So 


Fig. 1 


of f by s9, the modulus of elasticity in shear by G, the torsional rigidity 
by R. To estimate R, the formulas 


(1) (—AU ) mx R244 {f U df — lomax tT}; 
f 
omin |} 


(2) (—AU umn R S44 {f Udf—U 


can be used. In these formulas, U (x, y) is a twice continuously differenti- 
able arbitrary function on f. A is the Laplacian operator 0? /da?+ 92/dy?2. 


) The torsional rigidity is that value by which the twisting moment must be 
divided to obtain the angle of twist per unit length of bar. 


St 
(—AU) ox and (—AU),,, are the greatest and least values of —AU on ie 


Uomax aNd Uymin are the greatest and least values of U on s. 


Example. Let us apply formulas (1) and (2) to estimate the torsional 
rigidity of a bar the cross section of which is a symmetrical parabolic 
segment shown in Fig. 2. We have now f=*/,. This area is bounded by 


the lines 1—y—2?=0 and y=0. For convenience’ sake, G will be taken 
here to be one. 
Let the arbitrary function be U=(1—y—.2?)y. From this assumption 
the equations 
=A = 2. 2y. (—AU) = 4, (—AU nin = 2, 


Omax — 0, Da iin ea 0, i U df ae 
ii 


16 
105 
follow. Thus, formulas (1) and (2) become 


ae, 16 5 5 16 
4R24.1 75: 2h 54.1 55, 


and, from here, we obtain 
0.1523 < R < 0-3048. 
If we assume U =(1—y—z2?)y(4—y), then we find 
Al 10 2 Oe 2") (= AL) = 10:5, (AU = 8, 
dies eer 8 =O Ua, [-U df 004179; 
j 


Omax Omin 


10-5 R = 4,1.0-54179, 8R <=4.1.0-54180, 
from which we obtain 


0.2063 = R S 0-2709. 


It is easy to assume [2] such functions U(«, y) that on the one hand the 
condition AU =constant should be fulfilled, and on the other hand the 
value U, should vary between narrow bounds only. Such a function is 

U = —y?+0-7853 y — 0.22747 (3a*%y —y?) —0-01277 (5a*y — 10a%y3 + v5). 

6 Series B 


From here we get 


—AU =2, (—AU) nex = 2; (—AU)nin = 2, 


40 on AOB, 
°~ 1.0-03904y —0- 18989 2+ 0- 2913243 —0- 127744 —0-01277y° on ACB 
O Snax = 000207 12. Uo =O, J U df = 0°10757.... 


Formulas (1) and (2) become now 
2R>4.1 )0°10757 ~ 000258 ate 2R <4.1.0:10758, 
and, from here. we obtain 
0-2082 < R < 0.2152. 


The mean value 0-2117 differs from the exact value of R by less than 
2 per cent. 


Formulas referring to multiply connected domain. Let us consider an 
elastic prismatical bar the cross section of which is a multiply connected 
domain (Fig. 3). We denote the cross-sectional area by /, the outer boundary 


Fig. 3 


by so, the inner boundaries by s,, 89, ..., 8,, the areas of holes by f,, fo, ..., fy. 
the number of holes by h. The entire area, included by &, is fy. Thus, 
fo=f+h+fet...+f,. The normal to a boundary is Cenoted by n, directed 
towards interior of f. We denote the modulus of elasticity in shear by @, 
the torsional rigidity by R. To estimate R, the formulas 


(3) KR 24G {f U df — Ugmax fy + Or fit+ Usfa +... + Unf}, 
/ 
(4) KR SAG {f U df —Uguam fo + Ui jf, + Usfs + :..+ U, fr} 
t 
can be used. In these formulas U (v, y) is a twice continuously differentiable 
single-valued arbitrary function on f, satisfying the conditions 


\ U=constant on s,. 


(5) U=constant on sy, 


es ae aa 


U=constant on s, 


and 
(6) i Cie le . 
U,, Us, ..., U;, are the values of U(x, y) on s,, 59, ..., ,, and are constant. 


Uy is the value of U(x, y) on sy, and is, generally, not constant. K is the 
greatest of the values 


= il iP QKoe 1 oU 1 ou 
(7) (=A) a a ds, Fal eee 5, us: 
3 Ss Sp 
k is the least of the values 
= 1 oU il ou 1 ou 
(8) (= WO ee hoa | ee os eae ae = >, 2 
Sy $3 Sh 


A is the Lagrangian operator 9?/)x2+92/dy?. (—AU)max and (—AU),, are 
the greatest and least values of —AU on f. Upmax and Upmin are the greatest 
and least values of U(x, y) on 8». 


Example. Let us estimate the torsional rigidity of a bar with elliptical 
cross section having a circular hole, shown in Fig. 4. We have now 
f=6-28.... This domain is twofold connected. Thus we can use formulas 
(3), (4), ..., (8), if we put h=1. For convenience’ sake, G will be taken 
here to be one. 

Let the arbitrary function be U=22-55—8 r?42-52 (r2—r-?) cos 28 
where r and # are the polar coordinates (x=r cos #, y=r sin #). From this 
assumption the equations 


Aiea? (aA) S28 A = 32, 
Pa AO 14 | de 82, 
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eee po ay be, 
U, = 14°55, nie OR tee, 
follow. Thus, formulas (3) and (4) become 
32 R > 4.1 {454+14.55.3-14}, 
Oo ip 4a! {46 +0-7.9-43+414-55.3-15} 


from which we obtain 
tse B= 1264, 


The mean value 11-85 differs from the exact value of R by less than 
5 per cent. Of course, the accuracy of result can be augmented, if the 
arbitrary function U(x, y) will be chosen so that on the one hand the 


conditions 
AU = constant on f, 


U = constant on 8, 


U3 Ue, 
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are fulfilled, and on the other hand the value U, varies between narrow 


bounds only [2]. 


{ 

| 

| 

we - - ~---piw---- 7 --- 
Fig. 4 


The proof of formulas (1), (2), (3) and (4). For brevity’s sake, we shall 
execute the proof only for twofold connected domain, but it is easy to 
see that an analogous proof is valid also for whatever simply or multiply 
connected domain. 

The torsional rigidity can be expressed [3] by the formulas 


(9) R — Q,+Q4, 

(10) Q, = 2G4f Fdf, 

(11) Q,= 2GF;},. 

The function F(x, y) is the solution of the Dirichlet problem 
(12) AF = —2 on f, 

(13) fo ON 8p, 

(14) F = constant on 8}, 


and satisfies the condition 


= oF 

Li lee: 

( ) on 
$1 


F, is the value of F(x, y) on 8. 

First of all, we shall demonstrate that the inequality F, > 0 holds. 
For this purpose we suppose the contrary, namely, that the inequality 
F, <0 holds. In consequence of this supposition, such a closed curve 800 
can be drawn around s, (Fig. 5) that the conditions 


ds = — 2f,. 


(16) F = 0 on Sq, 
(17) F<0on® 
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are fulfilled where @ is the area between s, and s,). Using the Green formula 
(18) f4ra=— [ as, 
QP Si +Soo 


we see from (12), (15), (16) and (17) that the left side of (18) is negative, 
and the right side is positive. This contradiction demonstrates that the 
supposition #,<0 cannot hold. Thus, the inequality 


(19) F,20 
holds. 


As is well known, the Dirichlet problem (12), (13), (14) can be solved 
by formula 


? i me al og 
(20) F-- 5 | gAraj+5[ Poas 
"f $1 


where g(x, y; &,7) is the Green function belonging to domain /. This 
function satisfies [4] the conditions 


(21) g=0 on s, and &,, 
(22) g>0 in interior of f. 


From (12), (14), (19), (20), (21) and (22) the relation 
(23) F>0 in interior of f 


follows. 
The equation F,;=0 cannot hold, because this equation and formula 


(23) lead to 


rv) 
y 


y=? on 8s, 


Ye 
= 


from which 
| ZIG ZA 
on 
follows, contradicting to (15). Thus, instead of (19), 
(24) BO 


can be written. 
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Let U(x, y) be a function which is twice continuously differentiable 
on f and satisfies the conditions 


(25) U=constant on s, 
and 
(26) Sus 


The equation 
—2GFAU =2(—AF)G(U — Up max) 


(27) TU PU, 
+ 2G[(U = Uomax)4 F — FA(U ax UVomax) | 


is an identity. Using equation (12), we have 


—24GFAU= 4Ci( U— pace) 
st 2G[(U _ Oomax)AF i PA(U a Upc) - 


Integrating on the cross-sectional area /, we find the equation 


( 2G f(—AU) Pdf =4G{ [Udf — Up nas f} 
j i 


(28) +24 f[(U —Upmax)4 F — FA(U —Upmmax)] af. 


To transform the first integral of equation (28), we apply the mean value 
rule of definite integrals. According to this rule, we have now 
J(—AU)Fdf=(—AU)* f Fd 
! i 
where (—AU)* is the value of —AU at a certain point of /. To transform 
the last integral of equation (28), we apply the Green formula 
J [((U a Ul oroend AF — FA(U ca Oo max) | df a 
i 
ae ee IF eee 
ir J [(l —f Omax) a Ng (U i Uo max)] ds. 


So + 81 


In this manner, (28) becomes 


| (— AU)* 2G f Fdj = 4¢ {f Ud igs locas h 

f ! 

ae a. Le See 
(29) a aG | Lv =< Omax) yi i mn (U <a Uomex) | ds 

: 1 ee epee 
| = 2G [(v a Oy aa) Mm I mn (U be: Uomax) | ds. 

Let us now consider the last equation. We can write 
(30) (—AU)* = (—AU) na 


where (—JAU),.., is the greatest value of —AU on f. Taking into account 
formulas (23) and (24), and using notations (10) and (11), we obtain 


(31) 2G | Fdf=Q,>0, 
f 
(32) Q,>0. 
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From (13) and (23) we find 
(33) [climes Wis "0; 
Using formula (15), we can ae 


Gf oF Ve oF 
( (0 a Uomax) 5 48 oi (U, ae Uomax) Jy; ds 


> 2(U, — Oey) he 


(34) 


oe eee aU 
F< (U — Umax) ds = Fils a 


1 oU tp OO 
a a Sy dS: @1/2G. 


aralh 
Substituting formulas (30), (31), (33), (34) and (35) into equation (29), 
and using the notation fy=f+/,, we obtain 


Us CGY 
\(—AU max Qi — FS 5 as-O1 
(36) 1s; 
/ 2461) Ud) = Useelo aii: 
f 


1 
(35) } 


From here and from (7), (8), (9), (10), (11), (31), (32), formulas (1) and (3) 
follow. In the very same manner, also formulas (2) and (4) can be deduced. 


Remarks on the continuity of the function U(x, y). Thus far, we have 
assumed that the single-valued function U(x, y) is twice continuously 
differentiable on f. However, it can be seen that formulas (1), (2), ..., (8) 
remain valid also in following cases: «) if the single-valued function 
U(x, y) and its first derivates are continuous on f, but its second derivates 
have jumps along lines of finite number, /) if the single-valued function 
U(x, y) is continuous on f, but its first derivates have jumps along lines 
of finite number, and so the second derivates become infinite here. 


Example. Let us estimate the torsional rigidity of a bar the cross 
section of which is a rhombus of sixty degrees, shown in Fig. 6. We have 
now f=0-866.... For convenience’ sake, G will be taken here to be one. 

The diagonal BD subdivides the domain f into two triangles (Fig. 7). 
For these two triangles, we fix two distinct systems of polar coordinates 
and a common system of rectangular coordinates, as shown in Fig. 7. 
Let the arbitrary function be defined by the expression 


U =9078 r? (—4+cos 20) 
— 3142 r3 cos 304+ 53 14 cos 99—9 r cos 15 3+ 7?! cos 210 


in each triangle. U as function of # and y, is continuous on f, but the 
derivate )U/dx has jump along the diagonal BD. The computation leads 


to equations 
AU ( 18156 on f, except the diagonal BD, 
‘7 7 ( —co on the diagonal BD, 


(AU) 18158, U,=0) Unnn=0, sUdf=266-.... 


Fig. 6 


Fig. 7 
Thus, formula (1) becomes 
(37) 18156 R > 4.1 {266—0}. 
If the arbitrary function will be defined by the expression 
U = 4697 r? (—$+-cos 28)— 
— 1687 r? cos 39+ 53 r® cos 99—9 r5 cos 15 9-+r% cos 21 9 

in each triangle, then the computation leads to equations 

9394 on f, except the diagonal BD, 


+oo on the diagonal BD, 
(—AU) in = 9394, O)5=0, Uomn=0, PUG = 123..,. 
j 


oh TF tee 


and so, formula (2) becomes 


(37) 9394 R < 4.1 {123-0}. 


89 
From (37) and (38) we obtain 
0-05237 < R < 0-05863. 


The mean value 0-0555 differs from the exact value of R by less than 
6 per cent. 
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PHYSICAL CHEMISTRY 


ON THE DISTRIBUTION OF MICELLAR WEIGHTS IN SOAP 
SOLUTIONS 


BY 


J. J. HERMANS 


(Communicated at the meeting of January 29, 1955) 


A discussion of theoretical arguments reveals that there is no purely theoretical 
foundation for the assumption that all micelles in a soap solution have approxi- 
mately the same size. Arguments based on experimental results are valid only if 
one accepts a certain amount of theoretical speculation, and should be handled with 
great caution. 


1. Introduction 


The concentration dependence of many properties of soap solutions 
shows a rather abrupt change at a particular concentration cy. This 
concentration is called critical micelle concentration (CMC), because the 
change referred to is attributed to the formation of micellar ions. Several 
arguments have been advanced to support the assumption that the 
micelles present at concentrations larger than cy are all or almost all of 
the same size and that this size does not depend much on concentration. 
We mention two purely theoretical arguments: one was given by 
Hartvey [1] and is based on the assumption that the micelles are spheres 
whose radius is approximately equal to the length of a monomer; the 
second is due to DEBY# and will be discussed below. Some arguments 
based on experimental results are [2]: 

(a) the diffusion coefficient, and therefore also the sedimentation 
velocity, of the micellar component is not appreciably affected by the 
concentration or by the salt content [1,3]. This argument, however, 
does not take into account that the equilibrium between the micelles of 
different sizes is a dynamic one. 

(b) the effect of concentration on light-scattering is very similar to 
that observed in solutions of macro-molecules, where the solute has a 
molecular weight which is independent of concentration. Some aspects 
of the scattering of light by soap solutions will be discussed in a later 
article, where it will be shown that the argument in favour of a single 
micellar weight is far from being conclusive. 

(c) the electric conductivity of soap solutions has recently [4] been 
explained on the assumption that only one micelle size occurs. 

(d) still more recently Puitires [5] has found remarkably constant 
values for the ionic product [Na+]x [monomer] in saturated solutions 
of an anionic soap. Since his calculation is based on the assumption that 

7 Series B 
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only one micellar weight occurs, it is tempting to conclude, conversily, 
that his results confirm this assumption. 

It is clear, however, that none of the arguments b, ¢ or d can stand 
without a certain amount of theoretical interpretation, and it is difficult 
to say without further investigation whether any of these arguments is 
really conclusive: VoLp [6] has shown that various properties which have 
been used as arguments in favour of a single micellar size can be explained 
also on the basis of a size distribution. 


2. Debye’s theory 

It has been recognised by GRINDLEY and Bury [7] as early as 1929 
that the sharpness in the transition at the CMC increases with the number 
of monomers per micelle. Their argument has been reformulated twenty 
years later by DEBye® [8] as follows. 

Assuming a single micellar weight (7 monomers per micelle), the mole 
fractions c,; and c, of monomer and micelle respectively obey the 
relations: 


(1) c= Ke,,; ¢=¢,+n¢,, 


where c¢ is the total soap concentration. It is assumed that the solution 
is ideal. If n is large, it follows from Eq. | that c,, is negligible below 
the critical micelle concentration cy and that c, is practically equal to Co 
for all concentrations above cy while, moreover, K =c?~?. 

The equilibrium constant A is related thermodynamically to the free 
energy of micelle formation: 


(2) AG=kT In K=kT(n—1) In cy. 


Derpye estimates AG for sandwich micelles (two charged plates connected 
by hydrocarbon chains) and finds 


(3) AG = —nw, +n") w,. 


The first term on the right represents the energy of attraction between 
the hydrocarbon tails, and the second term is the electric energy of the 
charged plates; w, and w, are constants. In deriving the electric energy 
as a function of n it is assumed that the effect of counter ions is negligible, 
The micelle size 7 is said to correspond with the minimum value of AG, i.e., 


(4) n=(2w,/3w,)? and AG=—nuw,/3. 
Inserting this in Eq. 2 and neglecting 1/n compared with unity, one gets 
(5) kT In c= —u,/3. 


Since w, will be proportional to the number of C-atoms in the 
hydrocarbon tail, Eq. 5 is in accordance with the fact that the CMC 
decreases exponentially with increasing chain-length. A comparison with 
experimental results leads to values for w, that are in very good agreement 
with the energy of evaporation of hydrocarbons. As will be shown in a 
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later article, experiments carried out by Trap [9] confirm this, but for 
reasons which are discussed below we believe nevertheless that this good 
agreement is fortuitous. 

Finally, DeByr argues that the fluctuation in the number n may be 
estimated on the assumption that the fluctuations in AG are of the order 
of kT’. Applying this, one finds that with n-values of the order of 60, 
the fluctuation in 7 is only about 3. In other words, all the micelles have 
much the same size. 


3. Discussion 


On closer consideration this theory, for all its elegance, shows several 
shortcomings: 

(a) The neglect of counter ions is serious. This point has been discussed 
by several authors, of whom we mention in particular Hopss [10] and 
STIGTER [11]. 

(6) In the derivation of Eq. 3 all entropy considerations have been 
ignored. Attempts to account for entropy effects can be found for example 
in STAINSBY and ALEXANDER [12]. 

(c) Since the monomer ion is surrounded by water, the energy w, should 
be compared with the surface energy of a paraffin-water interface rather 
than with the heat of evaporation. Attempts to estimate the energies on 
this basis were made already by Harruey [1]. They are of necessity 
very crude estimates, but they show in any case that the good agreement 
between w, and the heat of evaporation is probably fortuitous. 

(d) The electrical energy was calculated for a circular charged plate in 
the absence of counter ions, in which case it is proportional to the third 
power of the diameter and thus to n’*, However, this is true only when 
the distance between the plates is either very small or very large compared. 
with the diameter of the disc. In the first case the disc may be replaced 
by a single plate of twice the charge density, while in the second case 
the interaction between the two plates is unimportant. To show the 
effect of a finite distance between the plates, we have calculated the free 
energy for two circular plates of radius a each and at distance 5 apart. 
The result is given in fig. 1. In applying this to dodecylamine hydro- 
chloride, we use DeBye’s estimate [8] of the surface per polar head and 
arrive at a diameter «= 22 A for a micelle consisting of 55 monomers [8]. 
The distance between the plates in this micelle will be about 30 A for 
a structure like fig 2a and about 15 for that of fig 2b. Thus a and 6 will 
be of the same order of magnitude, and it is obvious from fig 1 that in 
this region AE/a? is by no means constant. . 

It should be remarked in this connection that in our calculation of 
AE the dielectric constant between the plates is supposed to be the same 
as that outside the micelle. In reality it will be smaller, which means 
that the relative effect of the interaction between the plates is larger 


than we have calculated. 
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(e) finally, the argument used to prove that the distribution of the 
micellar size is narrow is not convincing. According to Eqs. 1, 2 and 3 
this distribution is 


(6) Cm(2) = cf exp (—AG/kT) = exp (an—f n) 


where «=w,/kT'+I1nc,, and B=w,/kT. For this distribution to show a 


AE 
ae 
350 
2.6 
2.3 
2a 
1.8 
1 2 3 4 


Fig. 1. Electrical energy AE (in arbitrary units) for sandwich micelle of radius a 
and length b 


I! 


Fig. 2. Sandwich micelles 
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maximum, « must be positive, in which case n (max) = (2«/36)?. Inserting 
this in Eq. 6 we get Cm = exp(axn/3). This would mean, however, that c,, at 
the maximum is larger than unity, which is obviously impossible since 
Cm 18 a mole fraction. We are forced to conclude that « is negative and 
the distribution given by Eq. 6 shows no maximum at all. It is true that 
the weight distribution nc,, will show a ‘maximum, but this is trivial, 
and this maximum is not sharp. 

Oosuika [13] has recently added a term niw, to Eq. 3 in order to 
account for the surface energy at the hydrocarbon-water interface along 
the cylindrical surface of the micelle. However, this is taking the structure 
of the sandwich micelle too literally: it is more likely that the cireum- 
ference of the sandwich is rounded off with polar groups (fig. 2c); but 
even if one does take fig 2a or 2b at its face-value, the inclusion of the 
term n*w, would not give rise to a narrow distribution. 


DeEBys and ANACKER [14] have found by means of lightscattering that 
the micelles of certain kationic soaps in the presence of excess electrolyte 
are rod-shaped. TRap’s experiments [9] which confirm this will be 
discussed in a later paper. If this elongated shape would persist also 
at vanishing ionic strengths we would get an expression for AG similar 
to Eq. 3 except that wn“ is replaced by An In n+ Bn, where A and B 
are constants. Essentially the same result was obtained by Hatsry [15]. 
When the rods are long, the concentration units to be used in the equil- 
ibrium between micelles and monomers are volume fractions rather than 
mole fractions. It can easily be shown, however, that here again the size 
distribution would not show a maximum, let alone a sharp one. 

Summarising we can say that there exists as yet no purely theoretical 
argument in favour of a single micellar size. The weight derived from 
light-scattering may be an average micellar weight, and we have no 
theoretical foundation for the assumption that this average is independent 
of concentration. 


Laboratorium voor Anorganische en Physische Chemie, 
Riks-Uniwersitert, Leiden. 
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PHYSICAL CHEMISTRY 


LIGHT-SCATTERING BY SOLUTIONS OF SOME 
KATIONIC SOAPS 


BY 


FH. J. L. TRAP *) ano J. J. HERMANS 


(Communicated at the meeting of February 26, 1955) 


After a discussion of the interpretation of light-scattering by soap solutions, 
experimental data are presented for six different alkyl trimethylammonium bro- 
mides in water and solutions of KBr at 30°C. 

The critical concentrations cy are in good agreement with data of other authors 
and are compatible with theoretical or semi-empirical formulae found in the liter- 
ature. Plots of (c—co)/R 5, against c are found to be straight lines. 

From the dyssymmetries, in conjunction with the micellar weights, it is con- 
cluded that the soap micelles in the presence of 0.05 molar KBr are rods with lengths 
of the order of 1000 A. 


1. Introduction i 

In the following we use the notations customary in light-scattering 
studies [1]. We consider solutions which are sufficiently dilute to assume 
that the light-scattering due to fluctuations in the density is independent 
of concentration, and that the incident light is not polarised. Let 7, be 
the intensity of the light scattered per unit of volume, at angle 6 with 
the incident beam, as a result of fluctuations in the composition, when 
the distance to the observer is r. If J, is the irradiance of the primary 
beam, the so-called reduced intensity r,/I, is denoted by fg. 

If the scattered light is completely polarised, and dyssymmetry is 
negligible, Thomson’s angular distribution applies: R,=Rg(1 + cos? 8). 
Then, for a single solute of molecular weight M: 


(1) Kel Bog = (RT) BLL 20) 
where /7 is the osmotic pressure and 
(2) K = 279? (dv/0c)7//4 N. 


c is the concentration in g/ml, » the refractive index of the solution, 
N Avogadro’s number and / the wavelength in vacuo. In those cases 
where JJ and c obey the relation 


{RT =c/M + A oe’, 
M being the molecular weight and A a constant, one gets 
(3) KeolRoy = 1/M + 2 Ae. 


*) Thesis Groningen 1953. Present Address: Philips Research Laboratories, 
Hindhoven. 
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If dyssymmetry is noticeable, let P(@) be the factor which determines 
the deviation from Thomson’s angular distribution. Then, according to 
calculations carried out by Zimm [2]: 


(4) Ke/Rg = 1/MP (90) + 2 Ac. 
Finally, the dyssymmetry: 
(5) Zq = Veltigo—0 (0 <6 < 90) 


will in general be a function of the concentration, and its limiting value 
for c=0 will be denoted by [z,]. This quantity determines a characteristic 
dimension of the solute particles when the shape is known. For instance, 
it is related to the diameter when the particle is a sphere or thin circular 
disc, to the length when the particle is a thin rod. 

DuBy& [3] applied the light-scattering method to determine the weight 
of micelles in soap solutions. Since in these solutions the concentration of 
micelles is practically zero as long as the soap concentration c is less than 
a critical value co, and from there onwards increases steadily, it was 
suggested by Debye to plot K(c—cy)/Rgy against c—co. In doing so, straight 
lines were obtained: 


(6) K (€)/Rgy = 1/M + 2A (cp) 


and, in the absence of dyssymmetry, 1/M was identified with the reci- 
procal of the micellar weight. The success of this procedure is sometimes 
quoted as a support for the assumption that only one micellar weight 
occurs and that this micellar weight does not change much with soap 
concentration. However, the interpretation of light-scattering by soap 
solutions is not a simple straight-forward matter. Recently Hurcurnson [4] 
has even maintained that the determination of the micellar weight by 
light-scattering is impossible. His argument starts with the assertion that 
the value of Ry at the limit c=0 for a colloidal electrolyte obeys the 
relation 


(7) Ke/Ryo = (1+ p)/M 


where p is the number of counter ions per colloid particle. This equation 
was derived by Hermans [5] and discussed by DoscuEr and Mysets [6]. 
Hutchinson compares this result with an equation of the same form, 
derived by him from Eq. 1 on the assumption that Voup’s [7] equation 
for the osmotic coefficient of a soap solution is valid. Accordingly, 
Hutchinson believes that light-scattering does not lead to the micellar 
weight except in those cases where an excess of extraneous electrolyte has 
completely suppressed the effective electric charge of the micelles. 
However, it must be observed that in the derivation of Kq. 7 all activity 
coefficients have been ignored. In reality the activity of the counter ions 
in a very dilute solution of highly charged particles is so low that each 
colloid particle together with its p counter ions may be expected to behave 
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essentially as a single kinetic unit, in which case Kc/Rg will approach 
the value 1/M rather than (1+~)/M. The same objection can be raised 
against Hutchinson’s equation which is based on Vold’s assumption that 
the soap solution is ideal. 

Hutchinson’s speculations about soap solutions in the presence of 
extraneous electrolyte neglect the fact that in this case the solution 
contains two solute components. The problem of light-scattering by 
multi-component systems was considered by ZERNIKE [8] and, more 
recently, by BRINKMAN and HERMANS [9], STOCKMAYER [10], KtRKwoop 
and GOLDBERG [11]. In Stockmayer’s notation the result of the calculation 
in the absence of dyssymmetry is 
(8) Roy = (K*/|ls5||) Dis Aes PY 
where K*=108. 27?v?//4N; w,=dv/dm, where m, is the concentration of 
component 7 in mole per liter; a,;;=0 Ina,/dm, where a, is the activity of 
component?; A,; is the minor of a,, in the determinant ||q,,||. The summation 
in Eq. 8 includes all the solute species, but not the solvent. 

The application of Eq. 8 to solutions of polyelectrolytes in the presence 
of low molecular weight electrolyte was discussed by Epsa. et al. [12], 
who found that Eq. 3 is valid as a series expansion in the colloid concen- 
tration c, M being the molecular weight of the colloid and A a constant 
which depends on the charge of the colloid particles, the concentration of 
extraneous electrolyte and the activity coefficients. This result is valid 
provided the p-value (y,) for the colloid component is sufficiently large 
to neglect all terms except A,,y2 in the double sum of Eq. 8. Under these 
circumstances, therefore, the extrapolation of Kc/Rg for a polyelectrolyte 
gives the correct molecular weight. 

This applies also to soap micelles when the concentration of extraneous 
electrolytes is sufficiently high to reduce the concentration of the soap 
monomer (which is not much different from the critical micelle con- 
centration c,) to a negligible level. In those cases where the soap monomer 
is present in noticeable quantities, we may approach the problem from 
two slightly different angles. One method is to consider the entire soap as a 
single component in dissociative equilibrium, in which case we must make 
assumptions regarding the thermodynamics of this dissociation (for 
example Vorp [7]). An alternative is to treat the micelle and the monomer 
as different components. Unfortunately, it then turns out that the terms 
containing the py of the monomer in the double sum of Eq. 8 cannot in 
general be ignored. 

Summarising we can say that the correct micellar weight will be obtained 
when the ionic strength is high, in which case the critical micelle con- 
centration (CMC) is very small. A really convincing theory for other cases 
has not yet been developed. It can be said in favour of Debye’s procedure 
(Eq. 6) that the values of cy derived from light-scattering are in satis- 
factory agreement with those obtained by other methods. It should be 
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borne in mind, however, that the straight lines obtained when plotting 
(c—Cp)/Rg, against c may be due to a number of factors which mutually 
compensate each other. One of these factors may be a distribution of 
micellar weights, which changes somewhat with soap concentration. 

However this may be, we have applied Debye’s method in our own 
work and have found results similar to those reported by him. Even if 
the molecular weight obtained in this manner does not always represent 
the true micellar weight, it can in any case be said that the experimental 
results are described completely by the values of K, M, A and cy when 
Eq. 6 applies. The data will not, therefore, lose their value when other 
interpretations are suggested. 


2. Preparation of the soaps 

Octyl-, decyl-, tetradecyl-, hexadecyl- and octadecyl-alcohol, ‘‘purest 
grade’’, were obtained from Fisher Sci. Co. Ltd., Ohio; nonyl-, hendecyl- 
and dodecyl-aleohol from Polak & Schwarz, Zaandam, Netherlands. 
Following Kamm and Marve. [13] these alcohols were treated with HBr 
to prepare the bromides. In those cases where separation of the bromides 
proved difficult, they were extracted with ether. 

For the preparation of the N-alkyl trimethylammonium bromides and 
the N-alkyl pyridinium bromides we followed the recipe given by Scorr 
and Tartar [14], SHELTON [15] and CoLIcHMAN [16]. 

Whenever the purity of the product was dubious, the bromide content 
was determined according to GRANGAUD [17]. It was found that all the 
quaternary ammonium salts could be obtained pure. Of the pyridinium 
salts only the octyl-, hendecyl-, tetradecyl- and octadecyl compounds 
were deemed sufficiently pure to be used in our light-scattering measure- 
ments. 


3. Haperimental results 


Apparatus and method have been described in a previous article [18]. 
All measurements were taken at 30° C with unpolarised light. The wave- 
length A was 546 my in the earlier experiments. In later experiments, 
however, the wave-length was 436 mu (nonyl- and hendecyl compounds, 
and also in the dyssymmetry measurements). Whenever this was necessary, 
the molecular weight was corrected for dyssymmetry (Eq. 4). 

Fig. 1 gives an example of Ry as a function of soap concentration c for 
various concentrations of KBr. The CMC (Co) can be read from this graph. 
Fig. 2 shows K(c-co)/Rg. The results for the other soaps were similar and 
are summarized in tables I and II: M is the molecular weight of the 
micelles calculated from Eq. 6, n is the number of monomers per micelle, 
A is defined by Eq. 6 and is determined by the slope of the curve in fig. 2. 

The CMC of the hexadecyl and octadecyl compounds could not be 
determined with high accuracy, partly because they are small and partly 
because the solubility of these soaps is low. This makes the results at higher 


4 water 
o KBr 0.0425 N 
v KBr O.025 N 
o KBr O05 WN 
2 
4 
4 


C.10° (g/m!) 
@) 10 


Fig. 1. Reduced intensity R,, for solutions of dodecyl trimethylammonium 
bromide at various concentrations of KBr; 30°C; A = 546 my 


Belg, Nyor 


10 0.0125 
0.025 
Q5 
005 
Q25 Qas0 0.75 1.0 c.10° fm1) 


Fig. 2. Experimental values of K(c—co)/Ro) in solutions of dodecyl trimethyl- 
ammonium bromide; compare fig. 1 
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TABLE I 


Critical micelle concentration CMC (= c,), micellar weight M and number n of 

monomers per micelle for quaternary ammonium bromides R—(CH,);NBr in 

aqueous KBr-solutions at 30°C. The constants K and A are defined by Eq. 6; 
A is the wave-length used 


; Woe i Alene ts _ 10°4 
R— mole/l my (em /g)? mole/I 103M . (cm3/g?) 
C.H,, 0 546 1.56 0.224 5.8 23 1.46 
0.0125 1.56 0.226 5.7 23 1.48 
0.025 1.56 0.220 5.8 23 1.40 
C,H, 0 436 4.11 0.143 8.0 30 1.82 
0.0125 4.11 0.140 8.2 31 1.76 
Calg 0 546 1.62 0.063 12.4 44 3.3 
0.0125 1.63 0.059 12.8 46 3.4 
0.025 1.63 0.050 13.5 48 2.9 
0.05 1.63 0.045 14.5 52 2.4 
tie 0 436 4.01 0.036 15.6 53 5.8 
0.0125 4.01 0.031 16.8 57 5.6 
0.025 4.01 0.027 18.2 62 4.3 
CHa, 0 546 1.54 0.0147 19.2 62 7.6 
0.0125 1.54 0.0108 21.1 68 3.7 
0.025 1.54 0.0091 23.8 77 2.1 
0.05 1.55 0.0070 33.4 1h Fe O.1 
Cie 0 546 1.52 0.0036 30.8 92 18.6 
0.0125 1.52 0.0021 39.3 S17 2.9 
0.025 1.52 0.0016 41.1 122 0.8 
0.05 1.53 0.0013 53.4 159 ~0 
CigHss 0.0125 546 1.39 ~0.0004 75.6 207 1.55 
0.025 1.39 ~0 98.4 270 ~0 
C.sHe, 0.05 546 144 | ~O 183 465 | ~O 


TABLE II 


Quaternary pyridinium bromides R — Cs;H,;NBr in aqueous KBr-solutions at 30° Q. 
The symbols are the same as in Table I 


R— Nxpr A ‘a 17k 7 Co hve ~ San of | 03.4 
mole/l my (em/g)? mole/| 10M si (cm$/g?) 
C,H, 0 546 1.54 0.193 6.4 24 1.52 
0.05 1.55 0.189 6.3 23 1.54 
C,,H5 0 436 3.95 0.042 13.2 42 5.0 
0.05 3.96 0.031 19.0 61 3.8 
CyyH oy 0 546 1.52 0.0041 28.1 79 16.4 
0.025 1.52 0.0020 40.4 113 1.2 
0.05 1.53 0.0015 55.6 156 0.2 
C,H, 0.05 546 1.49 ~0 210 510 ~0 
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TABLE III 
Critical concentration cy, micellar weight M and number n of monomers per micelle 
for quaternary ammonium bromides R—(CH;);NBr in water at 50 and 70°C 
A = 546 mu. Significance of symbols the same as in Tables I and II 


, 


R— temp. 107K oh 103M n 103A 
Ornish 50 1.49 0.0173 16.4 53 8.2 
70 1.43 0.0194 15.8 51 8.4 
Orrlebys 50 1.49 0.0042 28.6 85 16.2 
70 1.45 0.0042 24,1 72 19.4 

C,,Hs3 50 1.36 ~0.0015 44.6 123 ~30 

70 1.32 ~0.0015 39.4 108 ~35 

Chale 70 1.32 ~0 69.5 178 ~96 


soap concentrations (used to extrapolate to c=cy) somewhat dubious. 
For this reason some additional measurements were made in pure water 
at 50 and 70° C. The results are collected in table III. It should be noted 
in this connection that the determination of dv/dc at the higher tempera- 
tures was less reliable than at 30°. 


Appreciable dyssymmetries were found in the presence of 0.05 molar 
KBr. They were measured at 30° C with light of wave-length 2=436 my. 
The results are given in table IV. It is seen that the dyssymmetries for 
these solutions are independent of the soap concentration in the range 
examined. This is true also for Kc/Rgg, i.e., the constant A is practically zero. 


TABLE IV 
Dyssymmetries z, for solutions of three cationic soaps of concentration c (g/ml) 
in 0.05 N KBr at 30°C; A = 436 my 


C,sHs, — (CH,);NBr; 107K = 3.54 


10%c 10°Ke/F4, a0 as es ep 
1.04 5.36 1.41 1.32 1,20 1.12 
1.48 5.42 1.40 1.36 1.21 ih itil 


2.18 5.41 1.45 1.32 1.21 1.12 
C,sH3; — CsH;NBr; 107K = 3.67 


10%c 10°Kc/R5, Bog Bae Fee. rg 

eee ene ee es 
2.42 4.24 1.31 1.25 We Aha 1.09 
3.16 4.26 1.34 1.31 Ly 1.10 
4.70 4,22 1.31 1,29 1.20 1.10 


C,,Hs3 — (CH,),NBr; 107K = 3.42 


10%c 10°%Kc/Fg a6 Pes hp Cops 
3.17 8.25 1.28 1.20 1.12 1.07 
3.84 8.35 1.28 1.22 1.14 1.07 


4.65 8.36 1.25 119 1.15 1.05 
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4, Discussion of critical concentrations 

From the results described in Sect. 3 it follows that in the absence of 
extraneous salt the critical concentration cy is an exponentially decreasing 
function of the number ¢ of carbon atoms in the chain. This is obvious 
from fig. 3; the straight line in this figure obeys the relation: 


log Cy = 1.86 — 0.31 7. 


Combining this with Debye’s Eq. 5 in a previous article [19], one finds 
values for w, which are in remarkably good agreement with the heat of 
evaporation of the corresponding paraffins. The increment in w, per CH,- 
group as derived from the slope of the line in fig. 3 is 2.11 k7’ while that 
in the heat of evaporation is 1.97 k7'. However, for reasons explained in 
the article quoted [19] we believe that this agreement is fortuitous. 


1S 


o R(CH,), Nr 
a CsH,W(R) Br 


Os 


8 9 10 41 {2 13 14 


Big, 3. Logarithm of critical micelle concentration cy in pure water as a function 
of the number ¢ of carbon atoms in the alkyl chain; 30°C 


In table V the critical concentrations in water are compared with other 
data from the literature: I lightscattering, Derye [3]; IL refraction, 


TABLE V 
Comparison between CMC-values (mole/l) for five cationic soaps in water. For 
literature I-V see text 


C,H, eae da a eee oe 0.140 

CyoHe(CHs);NBr . . . . . . . | 0.0700 | 0.068 0.06 | 0.063 
Ciao oa Sot + abs as POORGL |) COLGET Wasy 0.018 | 0.0146 
CyHo9(CH;),NBr . . . . . . . | 0.0034 0.004 | 0,006 0.0036 
CAC NBr., . 5. ee 0.230 0.193 
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KLEvENs [20]; III vapour pressure, McBarn and coworkers [21]; IV sur- 
face tension, Bury and Brownina [22]; V conductivity, Scorr and 
TarTaR [14]. The agreement with our own data (VI) is satisfactory. 


The effect of extraneous salt on CMC (=o) has been described by 
CoRRIN and Harkins [23], Lanar [24], HERZFELD [25], by the empirical 
relation: 


(9) log ¢) = —B—« log (cy + N) 


where N is the concentration of electrolyte added, while « and B are 
independent of cy and NV. As can be seen in fig. 4, Eq. 9 is borne out by 
our experimental data for C,, and C,,. The data for C,, and Cy, are compatible 


R- 
log CCM 43 = : 
CioH2e 
Cus H23- 
C,2H25- 
- log (Coan) +3 
O 
Q5 140 15 20 


Fig. 4. Logarithm of critical micelle concentration versus logarithm of total counter 
ion concentration for alkyl trimethylammonium bromides in KBr solutions; 30° C 


with Eq. 9, but the number of experimental points and the distance 
between them is too small to make the agreement very significant. For 
the same reasons the possible error in the slopes of the Cy) and C,, lines is 
quite large.. The «-values are: ~ 0.8 for Cy), ~ 0.8 for Cy, 0.55 for Cy, and 
0:38 for C,,. 

It is interesting to observe that two different derivations of Kq. 9 
have been given. One is due to Hopss [26], who uses the Polsson—Bolbz- 
mann equation to estimate the electrical free energy of a micelle. In his 
treatment « is the “effective charge” of a monomer in a micelle, i.e., the 
degree of electric dissociation of the micelle. 
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Prius’ [27] approach to Eq. 9 is semi-empirical. To define the 
critical concentration cy he considers a colligative property Y = Ac,+ Ben 
where c, is the concentration of the monomer and c,, that of the micelles, 
while A and B are constants. Assuming each micelle to contain m monomers, 
the total soap concentration is given by c=¢,+¢,, and c, and ¢, are 
related to each other by mass law. The critical concentration is defined 
as that concentration for which d?Y/dc? is zero. This leads to the following 
approximate equation for the free energy AG of micelle formation: 


(10) AG|nRT = B+ Incy + (1 —«&) In (ey + NY) 


where « and f have the same meaning as in Eq. 9, while B is independent 
of c, and N. When this is applied to experimental data, the value of AG 
for a given soap is found to be independent of the electrolyte content 1. 
Using this as an empirical relation, Phillips gets therefore 


(11) log cy = — f’ — (1 —a) log (cy + N) 


which is of the same form as Eq. 9 although, curiously enough, « has 
been replaced by 1—«. Corrin’s [28] derivation of Eq. 11, like that of 
Phillips, is based on mass law. He defines the CMC as the soap concen- 
tration at which c,, has a certain (small) value, independent of electrolyte 


content. 


5. Discussion of micellar size and shape 


The dyssymmetries mentioned in table IV can be used to calculate a 
characteristic dimension of the particle if its shape is known. It is true 
that the angular distribution of scattered light depends on the particle 
shape and it is therefore possible in principle to decide which shape fits the 
data best. For, if the characteristic dimensions derived from [z,] for 
various values of 6 are compared among each other, using the formulae 
for spheres, discs and rods respectively, the most probable shape will be 
that which gives the most constant value for the characteristic dimension. 
It turns out, however, that the dyssymmetry is insufficient to apply this 
procedure: for each of the shapes assumed the characteristic particle 
dimension comes out independent of @ within experimental error. 

Following an argument used by Drsyr and ANACKER [29] we can 
nevertheless conclude that the sphere and the disc are unacceptable, 
simply by comparing the size of the micelle with its weight. The relevant 
data are collected in table VI. With spherical micelles the volume follows 
at once from the diameter. With dises or rods we must first estimate the 
thickness; for this we take the somewhat arbitrary value of 50 A, cor- 
responding with a structure of the type fig. 5a for rods, or fig. 2a in ref. 
[19] for discs. It is clear from the density calculated for the discs that 
we would have to make the thickness 50 times smaller to get reasonable 
results. The only acceptable densities are those found on the assumption 
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TABLE VI 


Micellar dimensions from dyssymmetry data. L = diameter of disc. or sphere, or 
length of rod. V = volume of micelle calculated from L, taking a thickness of 


50 A for disc or rod. M = micellar weight, d = density of micelle. 
Medium 0.05 N KBr at 30°C 
eer 


Cy¢Hg3(CHs)sNBr | C,sH5,(CH;);NBr | ©,,H,,C;H;NBr 
ee ee ee ee ee 
Dise 
TAs. 650 810 740 
10-7 V(A3) 1.62 2.51 2.09 
105M . | 1.38 oF 2.78 
d 0.014 0.015 0.022 
Sphere 
TAR 590 730 665 
10-8 7(A3) 1.09 2.06 1.55 
105M . 135 2.26 2717 
d | 0.002 0.002 0.003 
Rod 
tA Vous | 825 1050 950 
10-*V(A8) | 1.00 1.38 1.25 
10M . 37 Rae 2.86 
d O:2 0.3 0.4 


that the micelles are rod-shaped. Since we have no a priori reason to 
believe that the hydrocarbon chains do not partly overlap (fig. 5b) we 
are free to adjust the thickness somewhat so as to get the correct density. 


Fig. 5. 


Rod-shaped micelles 


The cylindrical shape is in accordance with considerations brought 
forward by Kuievens [20] and with measurements of DeBye and 
ANACKER [29]. The results found by the latter authors differ from ours in 
as much as the dyssymmetry for hexadecyl trimethylammonium bromide 
in our case is quite pronounced at a KBr concentration of 0.05 mole/l, 
whereas Debye and Anacker do not find dyssymmetries for the same 
soap when the KBr concentration is 0.09 mole/I or less. It is possible that 
this discrepancy must be explained by the fact that Debye and Anacker 

8 Series B 
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made their measurements at 34° C, whereas ours were carried out at 30°. 
According to Debye and Anacker the soap readily precipitates when the 
temperature drops appreciably below 30°. It is possible, therefore, that a 
difference of 4 degrees has very marked effects on the results. 


Laboratorium voor Anorganische en 
Physische Chemie 
Rijks Universiteit, Leiden 
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ANALYTICAL CHEMISTRY 


DETERMINATION OF NITRATE IN PONDWATER eal 
BY 


H. L. GOLTERMAN 


(Communicated by Dr. J. Verwey at the meeting of January 29, 1955) 


§ 1. INTRODUCTION 

When nitrates are determined, in principle their nitrating or oxidizing 
properties are made use of. The methods starting from the oxidation- 
power are not even satisfactory in pure nitrate-solutions; moreover, two 
other difficulties are met with in pondwater: the water’s own colour and 
the presence of substances that can be oxidized and reduced and that 
strongly disturb the determination. 

So in our investigation into the possibilities of determining the amount 
of nitrate — mostly very low with regard to the other ions present — of 
pondwater, we made use of the nitrating properties of HNO, in concentrated 
H,SO,, after which the content of the products of nitration is determined 
colorimetrically. At present this nitration chiefly takes place with phenol- 
disulfonic acid or with 2-4-xylenol-1. 


A. Phenoldisulfonic acid 

In 1924 Harper ') gave an instruction for the determination of nitrate, 
which nowadays is applied almost unchanged. Though by this method 
good results are reached in pure solutions, it has yet been known for a long 
time that it is very sensitive to disturbances by substances that may be 
present in natural waters. 

Harper did not notice this, as he had not checked sufficiently whether 
his method was reliable. For he did this by washing out soil-samples until 
the washing-liquid no longer contained nitrate. A known quantity of 
nitrate was now added to the residuum free from nitrate. Then he washed 
out completely again and in this liquid the nitrate-content was determined. 
He always found back the added quantity of nitrate. 

It is clear, however, that through the washing out necessary to obtain 
samples free from nitrate all kinds of disturbing substances have also been 
removed. This will especially be the case with chlorides, if any are present, 


1) Investigation carried out under instructions of the Committee for Oecology 
of the Koninklijke Nederlandse Akademie van Wetenschappen and under the 
auspices of the Netherlands Organization for Pure Scientific Research Z.W.O., 
in the Laboratory for General Botany, Plant Physiology and Pharmacognosy of 
the University of Amsterdam. Director: Prof. Dr. A. W. H. van HErk. 
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which very much disturb the determination. We do not think his control 
sufficient any more. 

For that reason, many later investigators precipitate the chlorine by 
adding Ag,SO,, vide e.g. JoHNsoN and ULRIcH [2] who, referring to recent 
literature, give a summary about this determination. They came to a 
variant of Harper’s method, but as they did not check whether additions 
of known quantities of nitrate could be found again in their vegetable 
extracts, it is not possible to judge whether they reached quantitative 
results. 

When applying this method again, we found that this is certainly not 
the case. 


B. Xylenol 

The instructions of WERR [3] and ALTEN [4] from 1937 and 1936 for 
the determination of nitrate by means of xylenol have hardly been modified 
up to the present. In the last fifteen years, however, the method has more 
or less gone out of use. This is probably due to the fact that the extinction 
coefficient of the nitroxylenol is smaller than that of the nitrophenol- 
disulfonic acid. Besides, the sensitivity of the nitrate-determination is 
further lowered because the volume in which the nitroxylenol is determined, 
is greater than that in which the nitrophenoldisulfonic acid is measured. 
There are also other difficulties, to which we shall refer later. 

Determinations of nitrate according to this method did not yield good 
results. 


As the two methods do not differ essentially, the same disturbances will 
occur in both through the presence of Cl-ions, the colouring-matters that 
occur in vegetable or soil-extracts and pondwater, as well as through 
other organic substances. 

We put both methods to the test as to their reliability for pondwater. 
As a criterion for this we made use of the following method: in 25 ml 
pondwater the quantity of nitrate was determined, at the same time in 
an equal sample to which a known quantity of nitrate had been added. The 
difference in the two values must be equal to the quantity of added nitrate. 

If this is the case, the method is correct, except when the two samples 
have the same deficiency, which happens when the quantity of nitrate not 
recovered is independent of the nitrate-concentration, One can try to get 
an impression as to this possibility by bringing a known quantity of nitrate 
into a solution that contains all the disturbing substances in the same 
proportion as in which they occur in pondwater. This solution is treated 
in the same manner as the samples of pondwater. 

If now too, the quantity of nitrate is recovered, the method can be 
used for determinations in unknown samples. 

None of the instructions known hitherto appeared to come up to our 
criterion and for that reason we tried to modify them. 
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We did not succeed in modifying the method to such an extent, with the 
aid of phenoldisulfonic acid, that it became suitable for our pondwater. 
It did appear possible to find modifications consisting in so far removing 
the chlorine that the method can be well used for solutions of nitrate 
with Cl-ions. 

We could change the instruction for the xylenol-method in such a way 
that the two requirements mentioned above are met. We shall discuss how 
we worked in the following sections. 


§ 2. THE NITRATION OF PHENOLDISULFONIC ACID AND THE MEASUREMENT 
OF THE COLOUR THAT HAS ARISEN 
A. Determinations in pure solutions of KNO, 

This determination of nitrate is, briefly, the following: the solution 
containing 0-100 uwgr N(NO,) is rendered weakly alkaline with lye and 
after that evaporated till dryness. While stirring softly, we dissolve the 
residuum in 2 ml phenoldisulfonic acid-reagent 1) at room-temperature in 
about 10 minutes, during which time the nitration also takes place. The 
evaporating dishes are cooled beforehand; while the nitration takes place, 
the temperature need not be kept minutely constant. After the dissolving 
has occurred, the liquid is neutralized by being poured out into a calibrated 
flask of 50 ml, into which 10 ml NaOH (about 6 N; equivalent to 2 ml 
reagent) and 20 ml buffer (per litre 65 gr Na,HPO,. 2H,O and 11,3 gr 
citric acid; pH =6,5) had been brought beforehand. 

Usually this volume is chosen as small as possible, e.g. 30 ml. We found, 
however, that after dilution to 50 ml the agreement of the extinction 
values obtained, was greater than after that to 30 ml. Moreover, it is then 
possible to use NaOH for the neutralization, because the quantity of 
Na,SO, formed still dissolves in this. The use of NaOH has two advantages 
over the NH,OH usually recommended: it can be handled more easily 
and the Na-salt has a higher specific extinction. 

In the pH-area 5,7-7,5 the extinction coefficients are equal and constant. 
Yet we observed that when the above-mentioned buffer was used, the 
range of the extinction coefficients was smaller. We did not further in- 
vestigate this phenomenon. At pHs higher than 7,5 the extinction coefficient 
does not change at first, but diminishes later. 

When NaOH is added to the reagent, very high temperatures occur 
locally, owing to which less good results are obtained. 

The following figures can give a picture as to the possibility of repro- 
duction. According to the above instruction, the extinction was 
determined eight times, obtained by starting from 10 wer N(NOs); Ee 
was: 0,071 0.069 0.070 0.070 0,070 0,071 0,070 0,070, The extinctions are 


1) This reagent is obtained by dissolving 25 gr freshly distilled phenol in 150 ml 
H,SO, 96 %. After the addition of 75 ml fuming H,SO,, the mixture is heated for 
two hours in a water-bath. 
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determined with the Engelcolorimeter of Krep (Delft) with the filter 43 
(430 muy). 
After that we determined N(NO,) in 11 different solutions, varying 


from 0,005 to 0,100 mgr. The average value for the extinction, after 
reduction to 0,010 mgr (Ej°.“8") was 0.071 from 25 experiments and this 


figure is used as a basis for the calculations following below. 


B. Determinations in pondwater 

Difficulties occurred when the determination was carried out in pond- 
water. Only a very small part of the additions was found again. Vide 
experiment I. 


Experiment I. Determination of nitrate with phenoldisulfonic acid in 

pondwater 

To 4 samples of pondwater (25 ml) 0, 5, 10 and 15 gr N(NO,) were added 
respectively. 

After evaporating and rendering weakly alkaline with NaOH the nitrate was 
determined with phenoldisulfonic acid. 


ugr N(NOs) 


additions found | recovered 
0 19.5 — 
5 14.8 — 4.7 
10 23.2 + 3.7 
15 28.1 + 8.6 
| 


As was already stated above, the Cl-ion has a strongly disturbing effect. 
It is usually removed with Ag,SO,. An excess of Ag* should be avoided, 
however, as also the Ag-ion disturbs strongly. In literature it is recommended 
to add an equivalent Ag,SQ,. 

We investigated whether this is indeed sufficient. Therefore we estab- 
lished the Cl-amount according to Mour (6 mgr Cl- in 25 ml was found) 
and then added an equivalent Ag,SO, to 25 ml and after centrifuging the 
AgCl formed determined the N(NO;). Experiment II gives a survey of the 
then still existing deficiencies, which are smaller than in experiment I. 


Experiment II. Determination of nitrate in pondwater from which Cl- had 
been removed with an equivalent AgoSO, 
4 samples equal to those in experiment I were dechlorinated with an equivalent 
quantity of Ag,SO,. After filtration a further treatment followed as in experiment I. 
eee 


ugr N(NOs) ha 

additions found recovered 
0 18.6 — 
5 VP | 3.5 
25.9 1.3 
29.6 11.0 
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The explanation is as follows: It is assumed that the disturbing influence 
of the Cl-ion is due to the formation of NOCI (2). As the solubility of AgCl 
in 25 ml liquid is 40 wer, sufficient Cl- is present to remove an appreciable 
part of the small quantities of nitrate (5-100 wgr N(NO)) that are deter- 
mined here. Moreover, it is possible that of this 40 wer AgCl the Agt 
may disturb. 

Can the solubility of the AgCl be diminished to such an extent, by the 
addition of an excess of Agt, that this disturbance disappears? After 
filtration of the AgCl that has arisen this excess should then be removed 
again completely. We did this with the cation-exchanger IMAC C 12. 
We made a column of this, 7$ cm long and 1} cm thick. The ion-exchanger 
was ground and sifted. We used the fraction between B20 and B30. (Ned. 
Pharm. Y.) *). 

Samples of 25 ml pondwater each time were now acidified with H,SO, 
and, whether heated or not, shaken with 250 mgr Ag,SO,. The H,SO, 
(1 drop 1,6 N) serves to prevent Ag from precipitating owing to the high 
pH of the water, while, moreover, a less colloidal AgCl-precipitate is 
obtained at lower pHs. After the precipitate arisen has been filtered or 
centrifuged, a proportionate part of the liquid was brought on the column 
and this was washed with 100 ml H,O. 

The washing-water was rendered weakly alkaline with 4-8 drops 
10 N KOH, evaporated till dryness and nitrate was determined. Beside 
each sample a sample to which a known quantity of nitrate had been 
added was also treated every time in a similar way. 

The result was that deficiencies of greatly varying magnitude continued 
to exist. Vide experiment III. Could these deficiencies have originated 
from insufficient washing out of the column? 

It was, therefore, investigated whether nitrate that had been brought 
on the column could be washed out quantitatively. For this 100 wer N(NOs) 
was brought on the column and the following fractions were caught, in 
which the nitrate was determined: 

Fraction 0- 50 ml contained 96,5 wgr N(NOs) 
50- 80 ml Ay 2 » 
_ 80-100 ml y — » 
So in the total, 98,5 wgr was recovered. The difference with what was 
put on is not significant. Also smaller quantities (10 and 20 gr) were 
recovered quantitatively in 80 ml washing-water. So we always washed 
the columns with 80-100 ml H,0. 


ii) 


Experiment III. Determination of nitrate in pondwater ; dechlorination 
through excess of Ag,SO, 
After having acidified 25 ml pondwater with H,SO, up to pH 1 or to 34 (column 1), 
we shook with 200-250 mgr Ag,SO, and part of the samples were heated up to about 


1) With regeneration of the column, the Ag* is eluted with 150 ml 6N H,SO,, 
after which we wash with H,O until the water reacts neutrally. 
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95° C (column 2), The precipitate was centrifuged and a proportionate part made 
Ag-free through a column of IMAC C12. After washing out with 100 ml H,O we 
rendered the washing-water weakly alkaline with KOH, after which the treatment 
followed as above. In a number of cases the residuum was dissolved in a greater 
quantity of reagent (column 3). To half of the samples we added a known quantity 
of nitrate, either directly at the beginning of the determination or only before 
passing through the column. (column 4). 


—_————__—_—S——aa——eeseee.===>=:.......———— 


Treatment beforehand pwgr. N(NO,) 
time | in 25 ml | : | 
pH | heated se | of | pond- | se iia addition ooowuied 
reagent PPE ie ae addition | 
addition) water | | 
A 34 not 2 directly 60.0 | 108 | 50 48 
B 34 not 2 directly | 6.1 14.8 | 10.0 8.7 
C 34 not 2 directly | FAA, 12.5 10.0 5.5 
D 1 not 2 | directly 5.1 11.0 | 10.0 5.9 
E | 34 | heated | 3 | bef.col.| 9.9 | 208 | 100 | 10.9 
F 34 id. 3 id. 9.1 | 14.3 12.5 5.2 
G 34 id. 4 id, | 15.5 20.4 | 12.5 4.9 
H 34 id. 4 id. 12.7 + 32.0 25.0 19.3 
I Sh id. 4 id. 18.7 36.0 25.0 17.3 


As in our samples not more than 100 «gr N(NO,) was expected, the 
deficiencies from experiment III can, therefore, not be due to insufficient 
washing out. We can next ask ourselves whether the (l-ion had been 
sufficiently removed, in other words, whether the AgCl-content was 
sufficiently low. In view of the solubility-product of AgCl and the Ag*t- 
concentration we estimated the Cl--concentration at hundredths of 
micrograms per 25 ml and we can consider this concentration as sufficiently 
small. 

Now in literature it is often advised to shake pondwater, before the 
determination of nitrate, with alkaline reagents that yield precipitate, 
such as CaO, CaCO;, BaO and Ba(OH),, which, among other things, 
cause partial decolorization. So we made a number of experiments, at 
first shaking 25 ml pondwater with Ba (OH)s, then acidifying with H.SO, 
and filtering. After this the further treatment followed as above. The 
results remained unfavourable, however: if the addition was made before 
adding Ba(OH),, sometimes no nitrate at all was recovered, and if the 
addition was made after filtering BaSO,, the deficiencies remained in the 
order of magnitude as in experiment ITT. 


Experiment IV. Determination of nitrate in pondwater after it has been 
treated with Ba(OH), and with an excess of AggSO, 


A saturated ~Ba(OH),-solution is added in drops to 25 ml pondwater so long 
until precipitate does not arise any more. After we had filtered, the pH was brought 
to 23 with H,SO,-aq. and we filtered again. 

The further treatment then happened as mentioned in experiment III. Known 
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quantities of nitrate were added to half of the samples, either before the addition 
of Ba(OH), or after the BaSO, had been filtered. 


ce ct 
| ygr. N(NO,) 


Time of the addition Oe anil educator nat: 
onder wanaition addition recovered 
Before Ba(OH), ae | 52.8 52.8 10.0 0.0 
id. So) Ee ee 79.0 84.0 10.0 5.0 
id. Sf eee 60.0 60.0 10.0 0.0 
After filtering BaSO,. . . . 56.5 | 67.0 10.0 10.5 
id. oe: alo 25.0 29.8 10.0 4.8 
T6le ee 20.2 51.2 40.0 31.0 


We got the impression, strengthened later, that the precipitate of 
Ba(OH), with pondwater also precipitates nitrate. 

Meanwhile, it appeared from further investigation that when the Agt 
is removed, a new disturbance occurs. The K,SO, formed, when the 
washing-water of the column is neutralized, from the H,SO, that comes 
from the Ag,SO, in the ion-exchanger, disturbs the nitration of the phenol- 
disulfonic acid. This appears from experiment V; the nitrate cannot be 
determined in KNO,-K,SO,-solutions. 


Experiment V. Disturbing influence of K,SO, on the determination of nitrate 
with phenoldisulfonic acid 
KNO;, corresponding to 10, 25, 50 and 100 ywgr N(NO;) was dissolved with 
250 mgr. K,SO, in H,O and evaporated till dryness. After this we determined 
nitrate in the usual way. Sometimes the reagent was heated (column 2), while 
once we used double the quantity of reagent (column 1). 


Phenoldisulfonic acid | pgr N(NOs) 
mls heated | added recovered 
He not heated | 10.0 9.28 9.45 9.04 8.35 
2 not heated 25 22.6 eral 
2 not heated 50 48.9 48.9 
2, not heated 100 92.7 94.7 
2 about LO min. 50a) LO 8.4 
eo, about 15 min. 50° 10 8.4 
2 about 20 min. 70° 10 | 9.2 9.2 
4 not heated Hy ei 002 9.2 


Addition of Ba(OH), to pondwater, as is recommended in literature, 
will only have a favourable effect, when the water is rich in SO,- as this 
may disturb the determination — and when, through the precipitate that 
has arisen, no nitrate is bound. 

After that we tried if the sulphate-ion could be removed from the 
washing-water of the ion-exchanger with Ba (OH),. We therefore dissolved 
KNO, and 150 mgr H,SO, in H,O and removed the sulphate-ion with 
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Ba(OH).. In this experiment we chose H,SO,, because then, through 
measurement of the pH, the removal of the sulphate-ion could be followed. 
The added quantity of nitrate could not be recovered quantitatively. 
This was possible if only so much Ba(OH), was added that the pH was 
increased from 1,0 to 2,0 or 2,2. If the pH was further increased up to 
3 or 5, deficiencies arose again, probably because the BaSO, that has 
arisen also precipitates nitrate. Vide experiment VI. 


Experiment VI. Determination of nitrate in sulphate-solutions from which 
the sulphate was partially removed with Ba(OH), 


In quantities of 25 ml H,O we dissolved 72.2 wer KNO, (= 10 ugr N(NO,)) and 
150 mgr H,SO,. In sample I the liquid was rendered weakly alkaline with KOH 
and evaporated till dryness, in samples II, III, IV and V the pH was increased 
with Ba(OH), up to 2.0, 2.2, 3 and 5 respectively. The BaSO, that had arisen was 
filtered and the filtrate rendered further weakly alkaline with KOH and evaporated 
till dryness. In the dry residuums we determined nitrate in the usual way. 


—oOooooeEeEeEeEeEeEeEeEeEeEeEeEeEeEe——— 


Paninie Ba(OH),; = ugr N(NOs) 
to pH | recovered of 10 uwgr 
iV — | 4.93 9.05 
II 2.0 | 9.86 
Ir 2.2 10.0 
IV 3 6.34 
¥ He 8 | 6.34 


In view of the results obtained with the experiments described above 
we thought that the determination of nitrate in the pondwater could take 
the following course: after the Cl-ion has been removed from the pond- 
water with Ag,SO,, the excess of Ag+ that has arisen is removed with an 
ion-exchanger, after which the concentration of the sulphate that has been 
left in the washing-water is strongly reduced with Ba(OH),, so that this 
no longer has a disturbing influence either. 

Even with this method, however, we did not yet completely find again 
the additions in pondwater. Vide experiment VII. 


Experiment VII. Determination of nitrate in pondwater, after removing 
Cl-, Ag+ and SOz 
Instruction entirely as in experiment IITA. The washing-water of the column, 
however, was brought to a pH = 2.1 with Ba(OH),. After the precipitate that had 
arisen had been filtered, we determined nitrate in the filtrate. 


TT] Eee 
gr N (NOs) 


in 25 ml | id. after int Z 
pondwater | addition added _ |recovered 


4.65 | 9.30 | 10.0 | 4.65 


17 


Though in experiment VI BaSO,, at pH 2,0 and 2,2, does not also 
precipitate nitrate, it follows from experiment VII (in agreement with our 
impression gained from experiment IV) that the precipitate of Ba(OH) 
with unknown substances from the pondwater also removes nitrate. 

So no satisfactory way was found to determine nitrate in the pondwater 
used by us, through nitration of phenoldisulfonic acid. 
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(To be continued ) 


ANALYTICAL CHEMISTRY 


DETERMINATION OF NITRATE IN PONDWATER. II 
By 


H. L. GOLTERMAN 


(Communicated by Dr. J. VERWEY at the meeting of January 29, 1955) 


§ 3. ‘THE NITRATION OF XYLENOL AND THE MEASUREMENT OF THE COLOUR 
THAT HAS ARISEN 


A. Determinations in a pure solution of KNO, 

When the first method investigated by us did not lead to success, as 
instead of a disturbance through Cl- from the pondwater we got a disturb- 
ance through the addition of sulphate, we looked for another way to 
determine the nitrate in the alkaline evaporated residuum of the ion- 
exchanger. For, as with every nitration of an organic reagent in strong 
H,SO, Cl- and Agt-ions will disturb, we had to retain the method applied 
so far. 

Though we could not account for the disturbance through sulphate, we 
yet hoped that it would diminish if a lower H,SO,-content was used for 
nitration. 

Now as early as 1937 Werr had already pointed out that nitrate can 
be determined through nitration of 2-4-xylenol in H,SO, 623 vol. %. We 
have already observed that of late this method has fallen into discredit. 

During our investigation it appeared that this is probably due to diffi- 
culties that arise, not with the nitration, but when the yellow product 
obtained is purified. This purification is carried out by all investigators 
through distillation—with or without the aid of steam—of the diluted 
nitrating mixture, the nitroxylenol distilling over together with the water. 
Usually they distil over 80 ml, then rendering alkaline with NaOH and 
filling up to 100 ml. For the Na-salt has a greater specific extinction than 
the free acid. Na- and K-salt have the same specific extinctions. 

In the first place it appeared to us that it is not necessary to catch 
80 ml distillate, but that 25 ml suffices. One can then fill up with NaOH 
up to 30 ml, through which the sensitivity is increased three times. For 
this we dissolved 72,2 ugr KNO, (= 10 yvgr N(NO3)) in 6 ml H,SO, 624 % 
and shook the solution obtained for 10 minutes with 1 drop of xylenol. 
Then the nitrating mixture with three times 6 ml H,O was transferred 
into an apparatus for steam distillation and two successive fractions of 
25 ml were caught. Then the extinctions of these fractions were determined 
against a blank of the reagents in an Engelcolorimeter of Krpp (Delft) 
with the filter 45 (450 mu). The second fraction had the same extinction 
as the blank. So we limited ourselves to distilling 25 ml. 
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When repeating the experiment, we found differences in the extinction 
values up to 20 %. It did not make any difference whether we carried out 
the steam distillation quickly or slowly, neither in the range nor in the 
averages of the extinction values obtained. The differences did not originate 
from the nitration, for the extinctions of the nitrating mixtures — meas- 
ured before the dilution — showed divergences not greater than Ly 

ALTEN [4] purified through direct distillation from the very much 
diluted nitrating mixture. We also did this, but found much lower ex- 
tinction values. 

We now investigated further why these great differences in extinction 
values of the distillates arose. We therefore made nitroxylenol by dissolving 
1 gr KNO, with 1,7 gr xylenol in 500 ml H,SO, 624 %, diluting the liquid 
after 10 minutes and subjecting it to a steam distillation. The distillate 
was filtered and the yellow product formed dried. The melting point was 
100-117° (not to be observed well, through decolorization). 

Though the product obtained was not pure, we made a stocksolution 
of it (stocksolution I) of 59,5 mgr per 500 ml (equivalent to 10 wer N(NO,) 
per ml liquid). 

It now appeared that the specific extinction of this solution was 1,3 times 
as high as had been found hitherto for an equivalent nitrate after distilling 
over. 

In principle, this difference may be due to three causes: a) insufficient 
nitration b) insufficient distillation c) destruction of the product formed. 

Of these, c) was the most probable cause. We therefore acidified 1 ml 
of solution I a few times with H,SO, (25 ml 14 %) and subjected the ~ 
solutions thus obtained to a distillation. We did now find varying, too low 
extinction values. (Experiments VIII A and B). 

It further appeared that after refluxing some time at 100° such acid 
solutions showed a greater extinction. (Experiments VIII A and C). 

We think that the explanation of this divergent result is that through 
heating a polymerization occurs, through which more strongly coloured 
compounds arise, which, however, are no longer volatile with steam. So 
the consequence of this is that the purification of nitroxylenol must not 
take place through distillation at 100°. 

It can be considered whether a steam distillation in vacuo, the temper- 
ature not rising above 40°, might have this effect. We did indeed work this 
out with a favourable result. (Experiments VIII A and PD). 


Experiment VIII. Steam distillation of 119 gr nitroxylenol (= 10 yugr 

N(NO3)) 

A: 1 wl of a stocksolution nitroxylenol (119 wgr per ml) with 1 ml 2 N NaOH 
was brought into a calibrated flask of 30 ml and filled up with H,0. 

B: 1 ml was subjected to distillation with 25 ml H,SO, 14 %. 25 ml distillate 
was caught and filled up with 1 ml 2 N NaOH to 30 ml. 

C: 1 ml was acidified with 5 ml H,SO, (0.1 N) and boiled for about 10 minutes 
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under a rising cooler. We rendered this solution alkaline with 14 ml 2 N NaOH 
and filled up to 30 ml. 

D: 1 ml acidified as B, was distilled with steam in vacuo. We rendered the 
distillate (45 ml) alkaline with 1 ml 2 N NaOH and filled up to 50 ml. The extinction 
values thus obtained were multiplied by 5/3. 

We carried out all the determinations in triplicate. 


E10 ver N(NO,) % 103 


5 
i 


3 
85.0 | 72 
73 


While this method, — 119 ywgr nitroxylenol being distilled over — in 
vacuo — in 45 ml distillate yielded good results, yet greater quantities 
of nitroxylenol could not be distilled in vacuo in this way. Thus it appeared 
that even in 80 ml distillate 357 wgr could not be found again entirely. 


Experiment IX. Steam distillation in vacuo of varying quantities of nitro- 
xylenol 
Of the stocksolution from experiment VIII, 1, 2 or 3 ml were treated as in 


experiments VIII A and D, Of a sample of 357 ugr 80 ml distillate was caught, 
in fractions of 0-45 and of 45-80 ml. 


eee 


—l0 wer N(NOs) x 108 
Quantity of }§|——__________im ___*" —_—__— 
nitroxylenol directly | after distillation in 45 ml esas 
| | 45-80 ml 
wrens ecient rf ara eenapinesnaaron= > soe amen ae 
119 73.9 73.0 73.2 72.6 70.0 = 
238 73. | 58.1 58.1 2 
357 73.5 54.9 53.6 9.1 


It is clear that the volume needed to distil over all the nitroxylenol 
depends on the quantity of nitroxylenol. This would oblige us first to 
determine the nitrate-content approximately in a provisional experiment. 
We gave this up, also because the steam distillation in vacuo takes so 
much time. 

So we tried to find a quicker method, by shaking out the nitroxylenol 
from the nitrating mixture with an organic solvent. It appeared to us that 
after we had shaken out twice with benzene the nitroxylenol from the 
H,SO, passed into it. Moreover, we noticed that the nitroxylenol could be 
removed from the benzene-solution by shaking with NaOH, in which it 
dissolves, becoming strongly yellow. BARNES [7] also used a similar method. 

A great advantage of this method is that in this way a double purification 
is attained. Further, the method is quick and simple to carry out. 

In the first place we established that in this way known quantities of 
nitroxylenol can be gained back quantitatively from H,SO,. In order to 
obtain the same ratio between nitroxylenol and H,SO, as we expected 
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when determining nitrate in pondwater, we used 6-10 ml H,S0, 624 ¥, 
because the basic dry residuum of the washing-water of the ion-exchanger 
dissolves well in it. (Experiment xX) 


Experiment X. Recovering nitroxylenol from H,SO, 


To 6-10 ml H,SO, 624 %, in which known quantities of nitroxylenol had been 
dissolved, 25 ml benzene was added and subsequently 25 ml H,O. After the whole 
had been washed over into a separatory funnel with H,O, after we had shaken, 
the acid bottom layer was brought into a second separatory funnel and we again 
shook with 10 ml benzene. After the benzene-fractions had been combined and 
freed with H,O from any acid still present, we shook out with 4 ml 2 N NaOH 
+ 11 ml H,0, then with 4 ml 2 N NaOH + 5 ml H,0 and finally with 5 ml lal) 
and the three solutions obtained were filled up together, up to 30 ml, after which 
we determined the extinction. 

eee 


ver eq. ugr 
nitroxylenol | N(NO,) ee Oe 10° 
119 10 726 735 
119 | 10 1) 72.5 
238 | 20 73.6 average 
595 | 50 74.2 73.4 
1190 | 100 73.4 
1190 | 100 2) 73.8 


1) Shaken out with twice 4 ml NaOH and filled up to 10 ml. 
2) Shaken out from 40 ml H,SO, 623 %. 


For determining 1-4 wgr N(NO,) it appeared desirable to choose the final 
volume 10 ml. This can be obtained by shaking out twice with 4 ml NaOH. 
It is found out during the determination whether this is necessary, as 
through these small quantities of nitrate the first benzene-fraction is 
hardly coloured yellow. 

We now determined quantities of KNO,, corresponding to 1-500 yer 
N(NO,). Vide experiment XI. 

In order to determine 1 wgr N(NO,), we used 2 cm cuvettes with a 
content of 10 ml. The extinction is then 0,084 (uncorrected for the blank), 
which can still be well measured. If one has 4 cm cuvettes at one’s disposal 
with a content of 5 ml, it will probably still be possible to determine 
4+ wer. 500 wgr can be determined if a bigger final volume is chosen and 
2 drops of xylenol are used. The concentration need not be determined 
provisionally, as it can already be estimated from the colour of the nitrating 
mixture. For if this is dark-red, a great quantity of nitrate is present and 
1 drop of xylenol should yet be added. 

For the extinction of the blank we found 0,005. 

It is a striking circumstance that the extinction of the nitroxylenol- 
solution, which we used as a stocksolution, was lower than that obtained 
through nitration of xylenol with nitrate at the determination. It follows 
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Experiment XI. Extinction values of nitroxylenol equivalent to 1-500 ugr 
N(NO,) 
Samples of a KNO,-solution were evaporated till dryness and dissolved in 6 ml 
H,SO, 624 %, after which we shook for 10 minutes with 1 drop of xylenol. Further 
treatment as in experiment X. 


ygr N(NO,) E}0 Her N(NOs) y 103 
1 85 
2 82.0 
10 82.0 82.0 83.6 83.6 85.0 
40 82.5 83.3 83.6 average: 
60 82.3 82.8 
100 81.8 83.0 
250 83.2 
500 +) 81.3 83.2 
500 2) 80.4 
500 8) 78.4 79.4 


1) 2 dr. of xylenol; final volume 100 ml. 
2) 1 dr. of xylenol; final volume 100 ml. 
3) 2 dr. of xylenol; final volume 30 ml. 


from experiment X, column 3 and experiment XI, column 2, that the 
former value was 73,4 x 10%: the latter, however, 82,8 x 103. This points 
to the fact that the preparation of nitroxylenol used was not pure. So we 
looked for another method to make nitroxylenol in such a great quantity 
that a further purification was possible. For this we dissolved 10 gr xylenol 
in 1 L. glacial acetic acid. After the mixture had been cooled down to 0°, 
a small undersize of HNO, in glacial acetic acid was added. After 30 minutes 
a threefold quantity of ice was added. The nitroxylenol that had arisen 
precipitated, was filtered and recrystallized from C,H;OH 96 %. Yellow 
needles were obtained with a melting point of 72°. This corresponds to 
the statement in literature (5,6). 

We made a stocksolution of this (stocksolution II) and determined the 
extinction. This was higher than that of stocksolution I. After steam 
distillation the same extinction could no longer be reached. (Experiment 
XIII). 

The purity of this preparation was put to the test by preparing its K-salt. 
This happened by dissolving | gr nitroxylenol in as little C,H,OH 96 % 
as possible, to which an equivalent quantity of KOH (10 N) was added in 
drops. After cooling had taken place, the precipitate that had arisen was 
filtered and dried in vacuo above CaCl. 1 gr red plates was obtained. The 
extinction of a solution of the K-salt of nitroxylenol was 9,5 °% lower than 
that of a corresponding quantity of nitroxylenol. At the same time the 
K-salt was titrated with 0,1 N HCl; the titer was 9,3 % lower than had 
been calculated from the weighed in quantity. Finally, by drying at 100° 
a loss in weight of 9,5 % was found. After this drying the K-salt had 
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obtained a 9,5 % higher extinction. We conclude from these results that 
the preparation dried above CaCl, still contained 9,5 % erystalwater. This 
warrants our conception that the nitroxylenol-preparation with a melting 
point of 72° was pure. 


Experiment XII. Steam distillation of pure nitroxylenol 


Stocksolution IT: dissolve 59,5 mgr nitroxylenol with a small excess of NaOH 
and fill up to 500 ml. (10 wgr N(NO,) per ml). 

A: 1, 2, 3 or 5 ml of this was brought into a calibrated flask of 30 ml with 
1 ml NaOH (2N) and filled up. 

B: 5 or 15 ml were weakly acidified with H,SO,, subjected to a distillation and 
25 ml distillate was caught, which we filled up to 30 ml after 1 ml 2 N NaOH had 
been added. 

ee 


ined eres) ee le 
Ns ey) 10 ugr 100 
238 2s 100.5 
357 305, 100 
595 IO) ae 100 100 
B: 595 | 50, 95 92 
1785 150°, 91 


Experiment XII provides the same picture as experiments VIII A and 
B, only the losses are now smaller. We observe here that the stocksolution 
used with experiment VIIT has been obtained according to the same way 
of nitration as with the determination of nitrate. On account of this, 
experiment VIII is nearer to the determination of nitrate than experiment 
XII. So the latter does not supersede the results obtained in experiment 
VII. 

After nitration with KNO,, the extinction values are 17 °% lower than 
the values for the pure nitroxylenol-solutions. We are still looking for 
ways to reach the correct value, but have been unable to succeed in this 
so far. The following changes tried by us were not effective. 

Cooling down to 0° of the nitrating mixture gave the same extinction 
values as at room-temperature. Further cooling (ice with NaCl) leads to 
difficulties, as then the xylenol solidifies. In order to avoid this difficulty, 
we added smaller quantities of xylenol, dissolved in alcohol, to the nitrating 
mixture at -10° C. This did not cause any improvement either. Heating 
up to 55° gave lower extinction values, not due to escape of HNO, from 
the nitrating mixture, as the normal extinction values were found if after 
the heating to room-temperature we cooled and then shook with xylenol. 
A greater H,SO,-content up to 80 %, cooled or not, gave lower values. 

Though the preparation of nitroxylenol in glacial acetic acid can take 
place at 0°, small quantities of HNO, cannot thus be turned into nitro- 
xylenol. 

Finally, we just want to say something about the proposal of HoLLER 

Oe Seriesh 
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and Hucn [5] to use 3-4-xylenol for the determination of nitrate. They 
decided to do this in view of the varying extinction values they reached 
with 2-4-xylenol. We are not surprised at this, however, as they purified 
their products of nitration through distillation. Constant extinction values 
are always obtained if the method of shaking out, recommended by us, 
was applied. 

The use of 2-4-xylenol has two advantages: 


1) From 2-4-xylenol there arises only one, from 3-4-xylenol two mono- 
nitrocompounds, viz. 6 nitro- and 2 nitro-3-4-xylenol, mostly in the 
ratio 6: 1. The molecular extinction coefficients are not equal. We are 
not sure that these ratios and, therefore, the extinction values never vary 
in a certain case. 

2) As we found, the specific extinction, reduced to 10 wgr N(NOg) is 
higher with 2-4-xylenol (82,8 « 10%) than with 3-4-xylenol (80,3 x 108). 
Hower and Hucu, however, when using both isomers after distillation 
found about the same values. Their values for 2-4-xylenol are certainly 
too low, through the losses that occur during the distillation. 


B. Determination of nitrate in solutions with Ag*, Cl- or SOF 


As was already mentioned above, chlorides also disturb this determina- 
tion. But we found this disturbance already with Cl-contents lower than 
those of Barnes [7]. Vide Experiment XIII. 

4 mgr Ag,SO,, added to the nitrating mixture, does not influence the 
extinctions obtained, but greater quantities increase these values. This is 
due to the fact that the solutions containing nitrate must be evaporated 
till dryness at a pH higher than 7 and then an excess of Ag precipitates. 
After the xylenol-H,SO, mixture has been added, this precipitate again 
partially dissolves colloidally, cannot be filtered and on account of this 
gives extinction values that are too high. In order to prevent this difficulty, 
we used the ion-exchanger IMAC C 12 to remove the Ag-ion. Vide exper- 
iment XIII. 

250 mgr K,SO, with 30 mgr KOH did not influence the extinction. 
30 mgr KOH is the greatest excess of lye that is used when the washing- 
water of the column is rendered alkaline with 10 N KOH in drops. Vide 
experiment XITT. 


Hxperiment XIII. Influence of Cl-, Ag+ and SOz on the determination 
of nitrate with xylenol 


A. Solutions of KNO, (10 ugr N(NO,) were evaporated till dryness with varying 
quantities of NaCl in an Erlenmeyer of 100 ml, after which we determined nitrate. 

B. As A, 4 or 40 mgr Ag,SO, had been added instead of NaCl. 

C. Solutions of KNO, (10 ugr N(NO,)) with 80 mgr Ag,SO, in 10 ml H,O were 
put on a column of IMAC © 12, followed by a normal determination of nitrate. 

D. Solutions of KNO, (10 or 30 ygr N(NO,)) with 250 mgr K,SO, and 30 mgr 
KOH were evaporated and the amount of nitrate was determined. 


Added Na N(NOs) x 4.93 
$$$ 

Ay 0 ugr NaCl | 83 
123 9 29 | 78 

Os ae 75 

Ay 0, 9 83 
DOR. = | 78 

KOO. i 72 

1 mgr NaCl | 10 

B AS) Ag. 50, 84 
40 ,, 93 | 169 

C SO: - (IMAC) 82 
Diy) 22250, 50 VKSO. - KOH 82 

idem 84 (starting from 30 wer N(NO,) 


In experiment XIV we now investigated whether nitrate can be deter- 
mined in solutions containing Cl. For this, quantities of KNO,, correspond- 
ing to 10, 50 or 100 wgr N(NO,) were dissolved with 10 mgr NaCl in 25 ml 
H,O, acidified with 1 drop of H,SO, 624 % and shaken with solid Ag,SO,. 
After the precipitate that had arisen had been centrifuged and washed out 
three times with a 0,07 % Ag,SO,-solution, an aliquot part of the liquid 
was taken, in which the nitrate was determined in the usual manner. 
Experiment XIV (3, 6, 7 and 8) shows that in this way the nitrate is found 
again quantitatively. It appeared at the same time that an adsorption 
of nitrate to the AgCl-precipitate occurs, so that washing out is necessary. 
If this is neglected, deficiencies occur. Vide experiment XIV numbers 
1-2, 4 and 5, 


Experiment XIV. The determination of nitrate in NaCl-solutions 


We dissolved 10 or 50 mgr NaCl in 25 ml H,O and added to this 10, 50 or 100 ugr 
N(NO,), 1 drop of H,SO, 624 % and shook with solid Ag,SO,. The precipitate was 
centrifuged and, except in series 1 and 2, whirled up with 0.07 % Ag,SO,, viz. 
in series 3) and 4) once with 24 ml; 5) twice with 12 ml; 6) and 7) twice with 6 
and once with 12 ml; in series 8) four times with 5 ml. 

After that, the washing-water was filled up to 50 ml with supernatant and an 
aliquot part passed through the column, after which we determined the nitrate. 


ed 


Series aan eee mgr NaCl | yer N(NO,) | mgr Ag,SO, Eas 
1) = 10 10 150 7.8 
2) — 10 100 150 81.5 
3) once 10 10 150 10.0 
4) once 10 100 150 89.8 
5) twice 10 100 150 93.8 
6) three times 10 10 150 10.1 
7) three times 10 100 150 99.0 
8) four times 50 30 250 30.3 
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C. Determination of nitrate in pondwater 
After the disturbances mentioned under B had been set aside, we drew 
up an instruction for the determination of nitrate in pondwater. 


Reagents: a: H,SO, 624 vol % e: KOH 10 N 
br HO. 30%, f: 2-4-xylenol 
c: AgSO, N-free g: C,H, 
d: Ag,SO, 0,07 % in H,O h: NaOH 2 N. 


Instruction: 25 ml pondwater with one drop of H,O, 30 % is acidified 
with one drop of H,SO, 623 %, shaken with 250 mgr Ag,SO, until this has 
been dissolved, the precipitate that has arisen is centrifuged and the liquid, 
if necessary after filtration, brought into a calibrated flask of 50 ml. The 
precipitate is washed out twice with 6 ml and once with 12 ml Ag SO,- 
solution and the washing-water — after we have centrifuged, which may 
be followed by filtration — brought into the same calibrated flask and 
the whole is filled up to 50 ml. 

A proportionate part (e.g. 25 ml) is brought on the cation-exchanger 
IMAC C 12, we rinse with H,O (100 ml) until all the nitrate has been 
removed and render the washing-water weakly alkaline by adding 10 N 
IXOH in drops and we evaporate the liquid till dryness. The dry residuum, 
dissolved in 6-10 ml H,SO, 624 % is shaken for 10 minutes with one drop 
of xylenol. After this, 25 ml benzene is added, followed by 25 ml H,O. 
The whole is washed over into a separatory funnel and we shake. The acid 
bottom layer is shaken once more in a second separatory funnel with 10 ml 
benzene. The two benzene-fractions are combined and freed with H,O 
from acid still present. After this we shake with 4 ml 2 N NaOH +11 ml 
H,O, then with 4 ml 2 N NaOH+5 ml H,O and with 5 ml H,O, after 
which the three solutions obtained are together filled up to 30 ml. If the 
first benzene-fraction was not coloured, the H,O was omitted and we fill 
up to 10 ml. 

If the nitrating mixture was strongly red-coloured, a drop of xylenol 
was yet added and 100 ml chosen as the final volume. The extinctions were 
determined at 450 m wu. 

Before we had thus established this instruction, we had treated a number 
of samples of pondwater somewhat differently. After filtration of the AgCl- 
precipitate, this was not washed out, but nitrate was determined in a 
proportionate part of the liquid. Though with NaCl-solutions this led to a 
bad result, yet the additions of known quantities of nitrate could thus be 
found again quantitatively in the pondwater. Vide experiment XV, 


Experiment XV. Determination of nitrate in pondwater after purification 
with AgySO,, without eluting the precipitate that has arisen 
Samples of 25 ml pondwater were treated as indicated on p. 126, up to and including 


the centrifuging of the precipitate arisen with Ag,SO,. The nitrate-content of the 
supernatant was determined. 
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> N(NO 
Added ane : Mer ) (NO3) st 
Tee NAS O) ih a y-75 yn a id. after 
g S204 Donate aacikion added recovered 

a b c d : O=¢— bo 
__—_l). <5 ——— 

150 21.8 332 Dell 5.4 

100 30.0 38.0 7.5 8.0 

50 | 53.6 | 124 70.0 70.4 


It was also established in experiment XVI that H,O, — used to turn 
NO, into NO; — has no disturbing influence in the instruction given here. 

Nitrite, not present in this experiment, should be removed, as with 
xylenol and H,SO, it also gives a yellow — though weaker — colour. 
So the amount of nitrite should be established separately and the nitrate- 
values found should be corrected for this. 


Experiment XVI. Influence of H,O, on the determination of nitrate with 

xylenol 

A sample of 50 ml pondwater, without H,O,, but otherwise treated entirely as 
in experiment XV, after the alkaline washing-water of the column had been 
evaporated till dryness, was dissolved in 25 ml H,O. 6 ml of this was evaporated 
till dryness four times with the following additions: 

A: None; B: With one drop of H,O, 30 %; 

C: 10 ywgr N(NO,) D: With 10 wgr N(NO,) and one drop of H,O, 30 %. 

After the instruction had been worked through further, the following quantities 
of N(NO;) were found: 


ugr N(NOs) 


ae epee sas es 6 D 
larre eeoe a7 28.8 


(The divergences in C and D from the values to be expected (14 and 24 % 
respectively) fall within the error of test.) 


Finally, some samples were treated entirely according to the instruction 
given on p. 126, while in two samples NaCl was added to give to our 
pondwater a mesohaline (1-10 gr. Cl/L) character. Vide experiment XVII. 

The differences between columns e and d (experiment XV) and those 
between f and e (experiment XVII) entirely fall within the error of test 
made when the values in columns b and ec (experiment XV) and in the 
columns ¢ and d (experiment XVII) were determined. 

It is curious that washing out the AgCl-precipitate arisen in pondwater, 
makes no difference. Possibly this precipitate more strongly adsorbs other 
substances from the pondwater than nitrate, on account of which this is 
not also precipitated. The precipitate does indeed also precipitate part of 
the colouring matters from the pondwater. In spite of this, from consider- 
ations of safety, it is desirable always to wash out the AgCl-precipitate. 
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Experiment XVII. Determination of nitrate in pondwater, after purification 
with AgySO4 
In 25 ml pondwater and in 25 ml pondwater to which a known quantity of nitrate 


had been added, the nitrate-content was determined according to the instruction 
of p. 126. To some samples NaCl was added. 


Added Her N(NO,) _ Sei 
a, in 26 ml | id. after Areas etre 
ry 1 N | ecoVv 
mar Nat mgr Ag,S0, pondwater | addition | oe 
; a =o b Cc : d e ) f= de 
— 100 i bee 42.] 5.0 4.9 
“= 250 30.0 40.1 10.0 10.1 
50 250 16.3 45.3 30.0 29.0 
100 250 16.3 | 45.0 30.0 28.7 


A consequence of washing out is that the washing-water of the ion- 
exchanger is darker. With the usual purification, this did not trouble us, 
as the double purification via benzene (p. 120) causes these colouring 
matters to disappear. We did take care to get rid of as much colouring 
matter as possible already at the beginning of the purification, by adding 
more Ag,SO, than was necessary for removing the Cl-ion. 


Summary 


In the beginning of this article two requirements were made that a 
determination of nitrate should meet. 

We checked the existing instructions for the determinations with 
phenoldisulfonic acid and xylenol and established that neither were 
satisfactory. So we looked for a partial purification of the pondwater. This 
consisted of a removal of Cl-ions through an excess of Ag SO,, after which 
the excess of Ag+ was removed through passage across an ion-exchanger. 
After weak alkalization the washing-water was evaporated till dryness. 

If one wants to use the phenoldisulfonice acid reagent, the sulphate 
coming from Ag,SO, should first be partially removed from the washing- 
water with Ba(OH),. Indeed NO, can thus be determined with phenol- 
disulfonic acid in nitrate-solutions containing Cl. In the pondwater used 
by us BaSO, also precipitated nitrate. 

In the residuum of the pondwater evaporated till dryness, even if 4 gr 
NaCl per liter had been added to it, we could determine nitrate, by dis- 
solving it in H,SO,, shaking with xylenol and with the aid of benzene 
transferring the nitroxylenol that had arisen into NaOH, after which 
the extinction could be determined. 

All control experiments agreed; the differences were not greater than 
those found with the colorimetric determination (14.94) 
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THE CHEMISTRY OF ACETYLENIC ETHERS. XII 
THE REACTIONS OF 1-ETHOXY-3-METHYL-1-BUTINE-3-OL WITH AMINES 
BY 


J. C. W. POSTMA 


(Communicated by Prof. H. J. Backer at the meeting of February 26, 1955) 


Summary: The reaction of 1-ethoxy-3-methyl-l-butine-3-ol (I) with 
amines yields several products. One reaction (A) leads to the formation 
of amides of 6-methyl-f-hydroxy-butyric acid with evolution of ethylene. 
A second reaction (B) yields ethyl-, 6-dimethyl-acrylate, whereas a third 
reaction (C) consists of the dissociation of I into acetone and ethoxy- 
acetylene (which compound reacts further). 


1-Ethoxy-3-methyl-1-butine-3-ol (I), easily available by condensation 
of acetone and the Grignard derivative of ethoxyacetylene, has been 
subjected to reactions with aromatic primary amines. 

By refluxing I with an equimolar quantity of aniline in “superdry”’ 
ethanol during 30 hours, ethylene was evolved. This was identified as the 
dibromide. n?? 1.5368. Yield 0.4 mole from 1 mole of I. 

The reaction mixture was fractionally distilled. The ethanole fraction 
contained acetone. This was isolated as the 2,4-dinitrophenylhydrazone 
(yield 7°% based on I). 

Among the other fractions obtained, one boils from 70-90° (13 mm), 
another from 90-100° (13 mm) and a third from 175-190° (7 mm). The first 
of these consisted mainly of ethyl-6, 6-dimethylacrylate (yield 14 ). 
This ester was identified by alealine saponification and isolation of the 
free acid (mp. 68.5-70°). 

The second of the above fractions contained mainly aniline, together 
with a very small quantity of N-ethylaniline, identified as N-ethyl-p- 
toluenesulfonanilide (mp. 81.5-83°, no depression of the mp. in a mixture 
with an authentic sample.) 

The third fraction crystallized upon dilution with an equal volume of 
ether and cooling in solid carbon dioxide. After recrystallization from light 
petrol the white solid had mp. 87.5-88.5°, Elementary analysis indicated 
the formula C,,H,,NO,. 

By heating with a small quantity of p-toluenesulfonic acid in toluene, 
water was split off and the anilide of , 6-dimethylacrylic acid was formed 
(mp. 125-126.5°). This proves that the compound C,,H,;N O, was the anilide 
of b-methyl-6-hydroxy-butyrie acid (II). The yield was 40 %. 

Other aromatic amines as p-toluidine and p-anisidine gave analogous 
results. 


131 


The reaction products found can be explained by assuming the following 
reactions : 
A. (CH,),C—C=0 Cae 
- (CH,),C —C=C0C,H,+C,H;NH, | (CH,),—C—CH=CQaig 3 | = 
65 


OH OH 
I 


ZO 
(CH) ,C—0H,—C NHO,H, + C2H 


OH 
ia 


ZO 
Beech.) CCC =O lal. CH); €=—CH=Cx< 
( 3/2 2 => | 3)2 ‘OC,H; 


OH 
C. (CH,),C—C=C—00,H,-> (CH,),C=0 + HC=C—00,H, 


ei (reacts further with the amine used). 


Formation of ethylene and substituted amides (reaction A) was also 
observed by Miss J. Ficrnt') during reactions of 1-ethoxy-1-butine and 
l-ethoxy-1-heptine with amines. 

We observed that the course of the reaction could be influenced by the 
amine used. With a very weakly basic amine as m-nitroaniline reaction 
B was strongly favoured. In this case we obtained ethyl-f, 6-dimethyl- 
acrylate in 80 % yield. A stronger base as diethylamine on the other hand 
favoured the dissociation of the carbinol I (reaction C), and acetone was 
obtained in 20 % yield. Only a trace of ethoxyacetylene was found, but 
we obtained a considerable quantity of N, N-diethyl-acetamide formed 
from ethoxyacetylene and diethylamine ?). An analogous result was 
obtained with methylamine. 

Reaction C could also be effected with a solution of sodium hydroxide. 

In analogy to earlier observations on the reaction of free ethoxy-acetylene 
with primary amines ”), a fourth reaction sequence could be expected: 


/OC.Hs 
D. (CH,),C—C=C—OC,H, + RNH,— (CH3),C -CH,—-C\n pp 


OH OH. 
The presence of the iminoether (c.q. its dehydration product) in the 
reaction mixture could not be proved with certainty. 


Groningen, Laboratory for Organic Chemistry of the University. 


1) J. Frert, Bull. soc. chim., 1367 (1954). 
2) J. ¥F. Arens, Tu. R. Rix, Proc. Kon. Ned. Akad. Wetensch. B 57, 275 (1954); 


see also: Tu. R. Rrx, Thesis. Bandung (Indonesia), (1954). 
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AN X-RAY STUDY OF THE QUININE MOLECULE 
AS hg 


H. MENDEL 


(Communicated by Prof. J. M. Brsvornr at the meeting of January 29, 1955) 


Introduction 

The hydroiodic-iodo derivatives of quinine sulphate, the best known 
of which is herapathite, show a very marked dichroism. In order to study 
these compounds it was thought worth while to determine first the 
structure of the quinine molecule which contains four asymmetric carbon 
atoms, 


Experimental 

Quinine sulphate dihydrate, 2 C,)H,,O,N,.H,SO,-2H,O, was obtained 
from the octahydrate by recrystallizing from 78 °% alcohol. It was possible 
to prepare quinine selenate dihydrate in exactly the same way and these 
two derivatives proved to be isomorphous. 

The preliminary crystallographic data are as follows: 

a=15.49+ 0.5 A; b=6.744 0.3A; c=20.46+ 0.6 A; B=114°; Space 
group C,; n=4, for the sulphate as well as the selenate. 


Sulphate: @=1.36 (measured by flotation; 9 = 1.35 (calculated); F o99 = 776 
Selenate: @=1.43 (measured by flotation); @=1.41 (calculated); Fig = 812 


Oscillation photographs were taken of the crystals and also Weissenberg 
photographs with 6 as rotation axis. The intensities of the reflexions were 
estimated visually, corrected for the Lorentz and polarization factors 
and placed on an approximately absolute scale by Wutson’s method 
(WILSON 1949, 1950) using Hartree f-values. The value of the temperature 
factor B was also deduced and found to be for the sulphate B= 2.6 and 
for the selenate B=3.3. 


Determination of the [010] projection. 


Of the three axes-projections the b-axis projection was thought to be 
the most promising as it is centro-symmetric and also because of the 
relative shortness of 6 (6.74 A). So in the isomorphous replacement method 
only the signs have to be determined and, once the Fourier projection 
obtained, the interpretation was expected to be quite straightforward 
as not much overlapping of atoms is possible. 

It follows directly from space group considerations that the heavy 
atom (8, Se) is situated along a 2-fold axis so that its coordinates in the 
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[910] projection are x=0; -=0. By using the deduced temperature 
factors, fg.—fgs was calculated for all reflexions and compared with 
F;,—F's. In attributing the signs only to those reflexions, where the sign 
remained constant after applying, an error margin of 15% in the most 


8 
Fig. 1. Electron distribution for quinine sulphate Fig. 2. Model of quinine sulphate 
dihydrate projected along [010]. Contours are at dihydrate shown in one fourth of the 
intervals of 1 e.A-? with the l-electron contour unit cell 

broken 


TABLE I (see also fig. 2) 


ax z xv z wv z 

eo 478 197 oe .230 155 O, .310 029 
C, 392 192 Ge .236 213 O. 207 179 
CG, 332 163 Ge .280 291 N, 518 168 
Cy 366 .130 CG 226 334 N, .140 204 
on Be .090 cn 152 242 

C; 354 .069 Cu, 194 334 S .000 .000 
C, 451 .079 Ci .074 217 O; .059 .056 
G, 492 .102 ee 131 295 O, .070 480 
GC, .460 136 Cz 267 370 

Cy .209 O11 eu 274 Th le er 021 .090 
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unfavourable way, were taken into consideration. These reflexions were 
then used to correct the absolute scale by the method of least squares. 
After applying the found correction the same process was carried out 
again and after three rounds it was possible to determine 156 signs out 
of 220; only 5 of which changed. 

The interpretation of the Fourier projection, calculated from these 
156 amplitudes with known signs, was easy and it was possible to refine 
it directly in the normal way; the disagreement factor dropping from 
45 % to 23 %. The final Fourier is shown in fig. 1 and the coordinates 
are given in Table I. 

Determination of the y-parameters is in progress and will be published 
shortly. 


I am indebted to the Netherlands Organization for Pure Research 
(Z.W.O.) for an allowance during the tenure of which this work was 
carried out. I am very grateful to Prof. J. M. Bisvorr for his constant 
encouragement and advice during the course of this work. 


Laboratorium voor Kristalchemie der 
Rijks-Universiteit, Utrecht. 
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VISCOUS-ELASTIC SYSTEMS OF CETYLTRIMETHYLAMMONIUM [z- 
BROMIDE AND SODIUM-SALICYLATE. I 


BY 


H. G. BUNGENBERG DE JONG, H. J. VAN DEN BERG 
AND W. W. H. WEIJZEN 


(Communicated at the meeting of February 26, 1955) 


1. Introduction 


In an earlier communication it was shown that KCNS, KJ and some 
salts of organic acids transform a dilute solution of Cetyltrimethylam- 
monium bromide (e.g. 0.5-1 %%) into viscous-elastic systems, while a 
somewhat higher salt concentration brings about coacervation 1). Recently 
it has been found that Na-salicylate also readily forms viscous-elastic 
systems, but curiously enough, at higher concentration no coacervation 
takes place—not even at full saturation with Na-salicylate. This is 
contrary to the rule?) and might have consequences for the hitherto 
developed ideas on the necessary connection between formation of elastic 
systems and subsequent coacervation (Boo1s; see Discussion). It was 
decided, therefore, to investigate viscous-elastic systems formed by sali- 
cylate more in detail (i.e. investigation of the elastic behaviour, binding 
of the salicylate-ion and streaming birefringence). 


1) H. G. BUNGENBERG DE JonG and A. REcourtT, These Proceedings, Series 
B 56, 303, 315, 442 (1953), In the text (small print) on p. 305 was mentioned errone- 
ously indigo carmine. This must be changed into metanil yellow. 
*) The rule may be formulated as follows: if a salt gives rise to the formation 
of viscous elastic systems, then the same salt will bring about coacervation at 
higher concentration. The latter will occur when the damping again has become 
very high. Examples of normal behaviour are: 
anionic soaps: oleate + KCl or other K-salts; laurate, myristate, palmitate and 
stearate + K-salts (at appropriate temperatures; Part XX, see in note 3) 
Na-laurylsulphate + MgCl, (unpublished). 

cationic soaps: myristyl di-methylammoniumchloride -- KCNS (unpublished), 
Cetyl-trimethylammonium bromide + KCNS, KJ, K-picrate (see note 1), 

Generally spoken it is not allowed to reverse the above formulation, i.e. if a salt 
brings about coacervation, then markedly viscous elastic systems are readily ob- 
served at lower salt concentrations. To observe the elasticity, the damping must be 
sufficiently low. The damping itself is very sensitive to various factors. It is increased 
by a) increase of the temperature, 6) organic substances, which might be present 
in the soap preparations, c) in the case of soap preparations which are mixtures of 
soap with different lengths of the carbon chains. 

In general, these factors do not affect the possiblility of coacervation, though 
the salt concentration needed may be shifted to other values. 
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The results of these experiments will be compared with those obtained 
with viscous-elastic systems which belong to the normal group, (i.e. those 
systems in which the formation of elastic systems is followed by coa- 
cervation at increase of the salt concentration). The elastic behaviour in 
particular will be investigated in some detail. In the note below *) a list 
of publications is given on the elastic behaviour of the most investigated 
example, belonging to the normal group (Oleate+ KCl). For reference to 
some particular part of this series we shall give in this paper—in paren- 
theses—the part number only. 


2. Materials and Methods 

The commercial preparation called Cetavlon (I.C.1.) was used, which contains 
according to the manufacturers at least 80% trimethyl—(long chain alkyl) — 
ammonium bromide calculated as cetyl-trimethylammonium bromide. By means of 
a Kjeldahl nitrogen determination *), 82.7 % was found. Thus a 1 % solution of 
Cetavlon corresponds to a concentration of 22.7 millimoles/l. quarternary ammonium 
soap. The measurements of the elasticity have been performed in a thermostate 
at 25°. The methods used for measuring the period T (seconds) and the logarithmic 
decrement A are the same as those which have been used in the investigation 
of the viscous-elastic oleate systems: damped rotational oscillation in completely 
filled spherical vessels (parts I and II), contrivance to excite the oscillation (part 
VII), turning table (part I) to excite the oscillation in larger vessels. 

For the methods used in the investigation of the streaming birefringence, see 
section 7b. 


3. The elastic properties as a function of the Na-salicylate concentration 

The elastic properties as a function of the Na-salicylate concentration 
have been determined at three Cetavlon concentration (0.5; 0.75 and 1 %). 
The radius of the vessels in these experiments was practically constant 
(mean 3.05 cm). Apart from period and decrement we have also determined 
n, the number of turning points observable through the telescope of the 
kathetometer. The results are collected in Table I and have been used in 
plotting the figures 1, 2 and 4. 

It appears, that on increase of the salicylate concentration |/G increases, 
but that 1/A and n at first increase, reach a maximum and then decrease. 
It is seen that the maxima of the 1/A curves practically lie at the 
same salicylate concentrations as the maxima of the n curves. This 
was to be expected, as we know from investigations on viscous-elastic 


*) The above mentioned publications appeared under the title ‘““Elastic-viscous 
oleate systems containing KCl”. Part I has appeared in these Proceedings 51, 
1197 (1948); Parts II-VI in these Proceedings 52, 15, 99, 363, 377, 465 (1949) ; 
Parts VII-XIV in these Proceedings 53, 7, 109, 233, 743, 759, 975, 1122, 1319 
(1950); Parts XV—XX in these Proceedings, Series B 54, 1, 240, 291, 303. a1 7, 
399, 407 (1951). 

*) The destruction (H,SO, + perhydrol) takes a long time to reach a final 
value. Thus the following values were found: after 4 hrs 80.9 %; after 6 hrs 81.8 %; 
after 8 hrs 82.6 % and after 10 hrs 82.8 %. We thank herewith Miss Barua for 
her valuable help in making the analyses. 
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oleate systems, that n is an inverse measure of A. It was found that 
whenever, as a result of some variable (radius of the vessel, concentration 
of salt, temperature, admixtures) A decreases, the n-value increases and 
inversely (part I). That this is also true for viscous-elastic Cetavlon 
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Fig. 3 Fig. 4 


Fig. 1, 2 and 4. Elastic properties as a function of the salicylate concentration 
at three Cetavlon concentrations 


Fig. 3. Correlation between n and 1/A 


systems is shown in fig. 3, in which n has been plotted against 1/A for all 
Cetavlon systems of Table I of which both the n and A have been measured 
(black dots: 0.5 % systems; white circles: 0.75 % Systems and white 
squares: 1 % systems). It is seen that all experimental points lie close 
to a straight line which cuts the abcissas at a small value of 1 /A (about 
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0.02). Thus n is nearly proportional to 1 /A in the investigated range of 
Cetavlon concentrations and salicylate concentrations ay. 

The maxima of the n curves in fig. 4 must, therefore, lie at the same 
salicylate concentrations as the 1/ curves in fig. 2. The salicylate con- 
centrations corresponding to the maxima of the 1 /A curves and of the 
n curves have been determined graphically and are given in the columns 
2 and 3 of Table II. The mean values (column 4) have been taken as the 


TABLE II 
re 


ites 2 : | Characteristic values at the 
Cone. of Na-salicylate; m moles/] 


% minimum damping 
Cetavlon | max. of max. of | minimum ; = eae | ; 
1/A curves) n curves | damping | y iA | = 
] 
0.5 13.2 eg 9) STE 1) area 0.77 | 103 
0.75 | 162 16.6 164: |) Bed | tis | 16 
1.0 2021 20.2 | 20:2 4.04 | eG) 22.6 


salicylate concentrations corresponding to the minimum damping of the 
0.5; 0.75 and 1 % Cetavlon systems respectively. In the columns 5, 6 
and 7 are recorded the values of /G, 1/A and n at the salicylate con- 
centrations of minimum damping. 

The data of this table are used in the following sections for the discussion 
of the various relationships. 

It is interesting to compare the |/G, 1/A and n curves (fig. 1, 2 and 4) 
with similar curves for viscous-elastic oleate systems. In fig. 5 an example 
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Fig. 5. G and n as a function of the KCl concentrations at four Oleate concen- 
tration (0.6—-1.2 %) 


5) For a full discussion of the correlation between n and 1/A see the parts XV 
and XIX. It is remarked only that the correlation may bear a more complicated 
character than in fig. 2, e.g., the n—1/A curve consisting of two or even three 
straight branches of different slopes (Compare section 6a, and note 11). 


10 Series B 
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is given of the /G and n curves at a number of oleate concentrations. In 
this example (the data are taken from part XVII) no A determinations 
have been performed, but from an other investigation (part III) it is 
known that the 1/A—-C,,, curve too, is a curve with a maximum at the 
same KCl concentration as the maximum of the n—C,,, curve. 

In main outlines, a correspondence exists between the shape of the 
/G, the n (and the 1/A) curves for Cetavlon +salicylate and for oleate + 
KCl. A point of minor difference is that the |/G curves for oleate are 
S-shaped, (the inflexion point lying at the KCl concentration of minimum 
damping) whereas the /G curves for Cetavlon show no indications of 
such an inflexion point. It is doubtful, however, whether this difference 
is an essential one and whether it might give any clue to the problem of 
the absence of coacervation at increase of the salicylate concentration 
(compare Introduction). 

There is one point in which there is a striking difference between the 
figures 1, 2, 4, and fig. 5. It is seen that in fig. 5 the maxima of the n curves, 
and the inflexion points of the //G curves for oleate systems of different 
concentration lie practically at one KCl concentration. In the figs 1, 2, 
and 4 the curves are shifted in the direction of higher salicylate concen- 
trations as the Cetavlon concentration is increased. This shift is further 
discussed in section 8. 


4. Period and logarithmic decrement as a function of the radius of the sphere 
a) Dependence of T on R 


Four Cetavlon systems have been investigated, each in a series of 
spherical vessels of different radii. (The radius R is calculated from 
the volume). The results have been given in Table III and in the 
figures 6 and 7. The figures show that T is directly proportional to R in 
all four systems, as is the case with oleate (parts IT, III, V, XVI, 
XIX) and other carboxylic soap systems (part XX) °%). This pro- 
portionality follows from a formula deduced by J. M. Burgers namely, 
T= itis a in which T =the period (in sec) of the rotational oscillation in 
a completely filled spherical vessel, and R=the radius in c.m.: o =the 
density and G=the shear modulus in dyne/em27). This formula was used 
in Table I and IT to calculate |G and G, from the period and the radius 
of the vessel. 


6) Dependence of A on R; influence of the Cetavlon concen- 
tration 
BurGERS also considered theoretically three possible causes of damping 
of an oscillating spherical mass of an elastic fluid. These are, in nature 


*) Compare also H. J. van DEN BERG and L. J. pE Heer, These Proceedings 
52, 457 (1949) (stearate systems), 
‘) J. M. Burcers, These Proceedings 51, 211 (1948). 


14] 


A 


TABLE III 
el] S | VG G 
Series | Of | R | iN /G | (mean | (mean n A 
| | value) | value) 
SS ee eer ea cae fees ieee ee 
s | 0.5 Ye ees | 1.60 + 0.01 1.53 Goa Ses 0.3 1.88 Ste 
}11,25 m mol} 2.59 | 2.22 + 0.02 | 1.63] 1.58 2.5 Bien levee 
salicyl/l | 3.04 | 2.65 + 0.02 | 1.60 8d g020 |) A714 
3.44 | 2.06+ 0.02 | 1.57 BS ero aii 
| + 
O5% | 3.44 | 2.79 4.0.09 | 1:79 | 8.44 0.2 | 1.46 + 
(25° C) 4.90 | 419+ 0.04 | 1.64] 1.68 | 28 eb 0.20 | Leyd 
7.42 | 6.504 0.04 | 1.60 5.00.0) ) 1,99 40 
3.03 | 1.065 + 0.003 | 3.98 | 22-1 0.2-5)) 0.6048 
1% | 3-44 | 1.211 + 0.003 | 3.97 | 3.98 | 15.8 | 21.8403 | 0.63 4 
(25°C) | 4.92 | 1.748 + 0.006 | 3.94 | 18.2 4.0.1 | 0:70 4 
7.42 | 2.577 + 0.008 | 4.03 15.3 £ 0.2 | 0.84 & 
4.92 | 1.078 + 0.002 | 6.38 | 25.5 4+ 0.2 | 0.52 + 
| 15% | 7.42 | 1.635 + 0.006 | 6.35 | 6.35 | 403 | 20.1 40.1 | 0.75 4 
(25°C) | 8.09 | 1.800 + 0.005 | 6.29 19:9 0.2) 0:82 28 
| | 10.14 | 2.223 + 0.007 | 6.38 13,8 + 0.1 | 0.03 = 
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This salicylate concentration does not correspond to the minimum damping. (See note 9). 


a) a purely viscous damping; 5) damping by a relaxation of elastic tensions, 
characterized by a single constant relaxation time /: c) damping by 
slipping of the fluid along the wall of the vessel. For these types of damping, 
the following formulae for the logarithmic decrement A were deduced: 


_ £49327 
U R Vo G 


a) A purely viscous damping (7 = viscosity) 


/2 damping by relaxation (4 = relaxation time) 


22 VGo damping by slipping (x = coefficient characterizing 
Cy A = ee : : ae. 
* 4.49 the friction experienced in slipping) 


It is thus possible to conclude from experiments on the dependence of 
A on R the kind of damping operative in a given system. In the case of 
viscous damping, A is inversely proportional to the radius of the vessel, 
in the case of damping by relaxation A ~ R, whereas in the case of 
damping by slipping A appears to be independent of R. 

In viscous elastic oleate systems the nature of the damping depends 
on the oleate concentration. At a KCl concentration corresponding to 
minimum damping, A is independent of R in systems containing 0.3 and 
0.6 % oleate, whereas A is proportional to R in the 1.2 and 1.6 % oleate 
systems (parts II, III, V). This transition of the first mentioned type of 
damping (A= A,) into the second one (A= A,) takes place between 0.6 % 
and 1.2 % oleate. In this transition range of the oleate concentration A 
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is a linear function of R (part XIX). Here two causes of damping are 
simultaneously at work. This may be written as: A=A,+ A). 

We now turn to the experiments with Cetavlon and discuss first the 
results obtained in fig. 7 with the 0.5 %, 1 % and 1.5 % systems (at the 
salicylate concentrations of minimum damping). It is seen that A is a 
linear function of R, and consequently A= A,+ A,. The part cut off from 
the ordinate axis by the A-line becomes smaller on increase of the Cetavlon 
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concentration. At a Cetavlon concentration somewhat higher than 1.5 % 


3} i Vas Bir A 
oO 
A 
2t Sh 
° 
y ------ Creep oe 
7 
1} a 1 
rd 
R R 
ae era = 2 a a 
1 2 a 4 1 2 a | 4 
re 


Fig. 6. Dependence of period (T) and logarithmic decrement (A) on the radius 
(R) of the spherical vessel for a 0.5 % Cetavlon system at a salicylate concentration 
(11.25 m mol/l), which is lower than that corresponding to minimum damping 
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Fig. 7. Dependence of period and logarithmie decrement on the radius of the 
sperical vessel for three Cetavlon systems (0.5-1.5 %). At the salicylate concen- 
tration corresponding to minimum damping 
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the straight line will go through the origin, which refers to A= A,. Quite 
similarly, it is to be expected that in fig. 7, at a certain Cetavlon con- 
centration below 0.5 %, the straight line will proceed horizontally, i.e. 
A=A,+ A, becomes A= A,,. 

That A is independent of R can actually occur in Cetavlon systems, is 
shown in fig. 6. The figure refers to a Cetavlon concentration of 0.5 es 
but the salicylate concentration is in this case below the salt concentration 
corresponding to minimum damping. It is evident that at this salt con- 
centration the transition from A=A,+ A, into A=A,, lies at a higher 
Cetavlon concentration than at the salt concentration of minimum damping 
(compare the 0.5 % Cetavlon curve in fig. 7). This too, is a point of cor- 
respondence with the viscous-elastic oleate systems (part XIX). Sum- 
marizing we may say that the nature of the damping has the same character 
as in oleate systems. Purely viscous damping is absent (or is so small that 
it practically plays no role). The causes of damping are: slip, slip + 
relaxation and relaxation respectively, depending on the Cetavlon con- 
centration. 


5. Dependence of x and 2 on the Cetavlon concentration 


In part XIX the values of x and / have been calculated from experi- 
ments on the dependence of T and A on R at a large number of oleate 
concentrations. The dependence of x and / on the oleate concentration is 
shown in figure 8 (at the KCl concentration of minimum damping) and 
in fig. 9 (at two KCl concentrations, one lower and one higher than that 
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Fig. 8. and / as a function of the oleate concentration, at the KCl concentration 
of minimum damping 
Fig. 9. and / as a function of the oleate concentration, at the KCl concentration 
below and higher than that of minimum damping 
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of minimum damping). Fig. 8 gives the best information, as here the two 
oleate concentrations (about 0.65 °% and 1.15 °%) at which the character 
of the damping changes are known. The two dotted lines drawn at these 
soap concentrations divide the graph into three regions. In the left region 
A is independent of R, in the middle region (the transition region) A is a 
linear function of R and in the right region A is proportional to R. 

It is seen that with the increase of the oleate concentration, x increases 
more and more and tends to infinite at the right dotted line. The course 
taken by the 4 curve in the transition region is just the reverse, it tends 
to infinite at the left dotted line at decrease of the oleate concentration. 
Thus the three regions of the oleate concentration are characterized as 
follows: 

Low oleate conc.: A independent of R; x=finite and A=oxn. 

Intermediate oleate conc.: A is linear function of R: x=finite and 

A= finite. 

Higher oleate conc.: A is proportional to R; x=co and A=finite. 

In the same way as in part XIX the 4 and x values for the Cetavlon 
systems have been calculated from the data in Table III 8). These values 
have been given in the first, second, third and fourth row of Table IV. 
Those corresponding to the salicylate concentrations of minimum damping 
(second, third and fourth row) have been plotted in fig. 10 against the 
Cetavlon concentration (white circles). As the three Cetavlon concen- 
trations (0.5; 1.0 and 1.5%) investigated lie in the transition region 
(A is a linear function of R) the same course of the 4 and x curves as in 
fig. 8 between the two dotted vertical lines should be expected. Indeed 
the x curve has quite the same character. At decrease of the Cetavlon 
concentration from 1.5 % to 1% Cetavlon, the value of 2 increases 
conform the expectation, but the value of 2 at 0.5 % is not much 
higher (compare the isolated point (white circle) in fig. 10). But there 
are reasons not to trust the A curve for 0.5 °% Cetavlon series in 
fig. 7. With oleate systems it was found that the A-line ina A=f(R) graph 
is displaced upwards at decrease of the oleate concentration, with almost 


*) The calculation is simplest in the regions of the oleate concentration in which 
only one cause of damping is operative. At low oleate concentrations (A is indepen- 
dent of R) one may use the formula x = TG/AR. This formula is obtained by 
combining the formula for 'T (section 4, a) and that for A,, (section 4, b). If G has 
been calculated from T and R, and A has been determined, this formula gives an 
easy means to calculate x. 

At an oleate concentration high enough (A is direct proportional to R); A ean 
easily be calculated from 4 = T/2A, which formula follows from combining the 
formula for T (section 4, a) and for A, (section 4, b). In the intermediate region of 
oleate concentrations (A is a linear function of R) we have A = A, + A,. One 
first determines here the intersection of the A line with the ordinate. The distance 
of this intersection to the origin gives A,, from which x is calculated with the help 
of the above mentioned formula x = TG/A,R. 

For calculating A, the values A —A,, are used instead of A in the above mentioned 
formula for 4. Thus 4 = T/2(A—A,). 
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TABLE IV 
x and A as a function of the Cetavlon concentration 
Salicylate ata tak o ie 
y. Data taken ; M5 yao ome A 
cone. | from Cetavlon ——— | see. 
| em /sec 
Lower than mini- | 
mum damping Table III | 0.5 1.2 
Table III (white 0.5 | 2.4 Ba) 
ircles i Gyn | : 2 | 3. 
Corresponding to \| circles in fig. 10) | 1.0 12.6 | 3.3 
Sees IRS 100 | 2 
the minimum 
dampin | 
‘ae (Table I black dots 0.5 22 | 75 
in fig. 10) 0.75 5.8 4.6 
OS aie 1a Ga ly ae 


constant slope (or slightly decreasing slope, as long as we are in the inter- 
mediate region in which A is a linear function of R. It is therefore suspected 
that in fig. 7 the A-line of the 0.5 % Cetavlon curve has a much greater 
slope than the A-line of the 1 % Cetavlon curve and it seems possible 
that the 0.5 % Cetavlon system used is not exactly at the salicylate con- 


centration of minimum damping %). In section 3 experimental results are 


100} # 5 A lio 
90} 19 
so} | 18 
eX K 
Ze) ile 
60} le 
50} ls 
9. 
40; s | 4 
[) (*) 
30} 3 
20} oe 12 
10 8 si 1 
[ i Vo Cetavion | 
Sena ee = a) 
@S @ iS KO) 


Fig. 10. x and 4 as a function of the Cetavlon concentration at the salicylate 
concentrations corresponding to minimum damping 


®) Actually the 0.5 % Cetavlon system used was prepared from 0.5 % Cetavion 
systems of different salicylate concentrations, which have been used in the experi- 
ments of section 3. They were mixed in proportions so that the end mixture should 
have the salicylate concentration of minimum damping. Possibly an error has been 
made so that the salicylate concentration is erroneous. 
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given for the dependence of T’ and A on the salicylate concentration for 
0.5 %, 0.75 % and 1% Cetavlon systems at practically constant R 
(mean 3.05 em). We may use the values of R, T and A at the salicylate 
concentrations corresponding to the minimum damping to calculate the 
value of x and A, if we assume that the slope of the straight lines through 
the A-points (R=3.05) and the slope of the A-line for 1 % Cetavlon 
system in fig. 7 are equal. The values for x and 2, obtained in this way 
(see last three rows in Table IV) have been plotted in fig. 10 too (black 
dots), and appear to lie close to the curves drawn through the white circles. 
It is seen that the A-point for the 0.5 °% Cetavlon system now lies as was 
expected. Resuming the above, it may be said that at the minimum 
damping a close correspondence exists between the viscous elastic systems 
of Cetavlon+salicylate and of Oleate + KCl with regard to the shape of 
the x and A curves in the transition region in which / is a linear function 
of R. 


The fact that in the 0.5 % Cetavlon system (at a salicylate concentration lower 
than that of minimum damping) A is dependent on R (see fig. 6), thus x is finite 
and 4 = co (compare first row of Table IV) can easily be explained by the influence 
of the salt concentration on the x and 4 curves for oleate (compare fig. 9 with fig. 8). 
It is seen that at a KCl concentration lower than that of minimum damping, the 
x and 4 curves are shifted to the direction of higher oleate concentration, i.e. the 
value of / is higher and the value of x lower than at the minimum damping. Indeed 
we find in the first row of Table [IV 2 = oo (instead of 2 = 7.5, see fifth row) and 
x is 1.2 (instead of x = 2.4 on the second row or x = 2.2 on the fifth row). 


(To be continued ) 
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6) Dependence of the elastic properties, in particular of G on the Cetavlon 
concentration at the minimum damping 


a) Shape of the /G, 1/A and n curves: comparison with 
viscous-elastic oleate systems 


In fig. 11 the values of |G, 1/A and n have been plotted at the minimum 
damping (columns 5, 6 and 7 of Table II) against the Cetavlon concen- 
tration (white circles). In addition to this have been plotted the mean 
)G values of Table IiI and the 1 /A values (calculated from the A values 


of fig. 7 at R=3.05) (black points) 1°). 
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Fig. 11. yG, 1/A and n as a function of the Cetavlon concentration at salicylate 
concentrations of minimum damping 


10) One reads off from fig. 7 at 015 % Cetavlon A = 1.43, thus 1/A = 0.70; 
aie on Cevrayvion 1 —= 0160) thus 1/7 — 67 and at 175) 9, Cetavion 1 — 0:36, 


tins AP 278. . 
*) Correction: The Cetavlon concentrations 0.5; 1.0 and 1.5 % in fig. 3 and 4 


must read 0.5; 0.75 and 1.0 %. 
TP Sericsns 
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For comparison, in fig. 12 the analogous curves obtained with viscous- 
elastic systems of an oleate preparation are given, which as a consequence 
of its relatively high damped character is more or less comparable with 
Cetavlon (part XVI). It is seen that both in fig. 11 and fig. 12, VG and 
n are a linear function of the soap concentration. The 1/A curve in fig. 12 
is more complicated than in fig. 11, which is only due to the fact that 
the Cetavlon concentrations which have been investigated are still too 
low to reach the steep branch of the 1// curve. As a matter of fact it has 
been shown in part XIX, that this strong change of the slope is correlated 
with the change in character of the damping. The bend in the 1/A curve 
is situated in the neighbourhood of the change of the relation between 
A and R, namely, from a linear function into proportionality. In section 4, 
it was pointed out that even at the highest Cetavlon concentration 
investigated (1.5 °%) we are still in the transition region, in which “A is a 
linear function of R” ?), 
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Fig. 12. Dependence of /G; 1/A and n on oleate concentration at the KCl concen- 
tration corresponding of minimum damping 


6) The parts cut off from the abscissa by the /G, 1/A and 
n curves 
The straight lines in fig. 11 cut the abscissa at about the same Cetavlon 
concentration, and each one can thus be represented by a linear formula 
of the type: 


| G ate (Costavion a b) 
1/ A=c (Costavion ac d) 
n = 2 (Coctavion a f) 


in which a, c and e are the slopes of the straight lines. The parts cut off 


from the abscissa denoted by b, d and f are practically equal. Formulae 

1) ‘The oleate preparation used in part XIX showed a much less damped character 
Under these circumstances the shape of the 1/A and n curves are more complicated. 
The n curve then consists of two branches, the 1 /A curve of three branches. It ee 
been shown that the changes of the slope oceur around the changes in character 
of the damping. For details, see part XIX. | 
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of the same type apply also to oleate systems for the straight )/G line and 
for the lowest branches of the 1/A and n curves. The meaning of the parts 
cut off from the abscissa has been discussed in part XVI. It was argued 
that the total amount of oleate present in a viscous-elastic system is to 
be divided into two parts, namely, a) oleate participating in the elastic 
phenomena, and 5b) “‘free oleate’, i.e. oleate not participating in the 
elastic phenomena. The concentration of “free oleate’ is expressed by b, 
which necessarily is equal to d. At 15° C, it amounts to about 0.09 op 
oleate, (about 3 millimoles/l). If n was strictly proportional to 1/A, one 
should also find b=d=f. But often the proportionality is not perfect 
(n being already zero when the 1/A value is small but finite) then and we 
shall find b=d <f, as is the case in fig. 12, in which the part of the absciss- 
axis cut off by the n curve, is larger than those cut off by the /G and 
1/A curves. 

In the case of Cetavlon, proportionality between n and 1 /A is almost 
reached (fig. 3 in which n=0 at 1/A about 0.02) and this explains why the 
n-curve in fig. 11, cuts the abscissa at practically the same Cetavlon 
concentration, as the 1/A and //G lines. 


c) The numerical value of ain the formula Gs CO oe IO 
Comparison with viscous-elastic systems of carboxylic 
soaps 

In the preceding subsection, three linear formulae were given, for 

/G, 1/A and n respectively. In our opinion, the formulae for the 1 /A and 

n curves are only empirical, and the true formulae must be more com- 

plicated ). The formula /G=a(C,,,,-b) on the other hand seems to us, 

to be of a theoretical value. In all the cases of oleate systems investigated, 

a straight line is obtained indeed which transgredes the three regions 

in which A has a different character, without any change of the slope. 

Calling (C,,,,—b) the reduced soap concentration denoted by Cy.4 soap» then 

we may write /G=a (Cia soap) and hence G=a? (C4 soap). This means that 

the shear modulus is proportional to the square of the reduced soap concen- 
tration. An extensive study has been made on the dependence of a on the 

KCl concentration and on the temperature in viscous-elastic systems (part 

XVII). It appeared that the (a —C,,,) curve is a curve with a flat mini- 

mum, which is situated at the KCl concentration corresponding to the 

minimum damping. The numerical value of a is at the minimum damping 

but slightly dependent on the temperature. All this makes the value of a 

at the salt concentration of minimum damping very apt in comparing the 

elastic behaviour of soaps. Table V, column 3 gives the /G-values at the 


12) The real formula which must yield an approximate linearity of 1/A in the 
region of Cetavlon concentrations 0.5—-1.5 %, must be derived froma) A = A, + A,; 
6) the formulae for A, and A, given in section 4, and c) the unknown functional 
relationship of A, and of A, with the Cetavlon concentration in the transition 
region (compare the 4 and x curves in fig. 10). 
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TABLE V 
= | Constants in 
deni wenn (e = ; 
Concentration | AC VG = @ (Cyoap —b) = 
= | quart.amm. | | b _ Remarks 
‘0 ay Wecete mejem?) | a | ae 
Coantee oe | Ki andlyne sem") 4 ‘ | miullimol/1 
millimol/l | | | 
0.5 11.35 | 1.68 | 
( 22.7 3.98 0.206 Soe data from 
15) 34.05 6.35 | Table III 
| | 
0.5 1.35. | Lis 
0.75 L703 | 2.84 0.200 2.2 | data from 
1.0 22.7 4.04 | Table U 
| means 0.203 2.8 


minimum damping for Cetavlon-+Na salicylate (from Tables II and ITT) 
for the Cetavlon concentrations given in Column 1. Column 2 gives these 
soap concentrations expressed in millimoles/l. These latter concentrations 
have been used to calculate (by means of a statistical method) the values 
of a and b (columns 4 and 5). 

We shall now compare the value of a (mean 0,203) with those obtained 
with carboxylic soaps. Most work has been done on viscous-elastic oleate 
systems. (Na-oleate, Neutral Powder, Baker). The mean value of a, 
derived from six series of experiments on the dependence of ) G on the 
oleate concentration at the corresponding temperature (mean value), is 
given on the first row of Table VI! 4), The second row gives similarly 


18) The first series of experiments on the dependence of G on the oleate concen- 
tration performed with Na oleate, Merck (Part III, Table I) was discussed in part 
XIV. In using the one millimol/l as concentration unit. a — 0.171 and b = 3m mol/l. 
The value of a is much lower than those obtained in all other experiments. For other 
reasons too, the somewhat sticky nature of the powder, the abnormally high KCl 
concentration corresponding to the minimum damping (= 1.43 N) and the relatively 
high value of A at minimum damping, it must be doubted whether this value of a can 
be considered representative for unaltered oleate. This value of a is therefore not 
given in Table VI. 

4) The following individual values of a and b have been calculated from the 
experimental results with Na-Oleate, Neutral Powder, Baker: 

KCl | temp. : 
mol/l} °C a b | Data used for the calculation are taken from: 


a a (a ee peer 
1.05 | 16 0.184 2.6 | Part XVI, table II and part XVII, table I, 
1.05 | 20 0.187 3.6 6 A) ge a oe ee. oi 3 ee ee ls 
1.05 | 25 0.189 4.6 see Ve) ieee VL ge 
1.05 | 34.6 | 0.202 | 10.5 i. EVE mye PRRs Toe. 42 5 Pee es | 
1.05 | 15.8 | 0.184 3.3 » XVIII, part XVII, table IT (mean of 8 series) 
1.08 | 20 0.195 3.0 » XIX, table V 


The mean value of a (= 0.190) and the temperature (= 21.7°) have been given 
in Table VI. 
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TABLE VI 


Values of a in VG = 4 (Cooan—b), using 1 millimol/l as concentration unit of the soap 


ree 


= mean temper- 
Salt used | Soap used ene: C @ (mean) 
ee 
KCl Na-oleate (Baker) PANE 0.190 + 0.003 
K-oleate, from pure oleic acid SylGil 0.189 + 0.001 
K-oleate | 24.8 0.197 + 0.005 
| K-laurate 8.6 0.192 + 0.034 
K,CO, K-myristate | 3125 0.193 + 0.006 
| K-palmitate HO) '7 0.198 + 0.002 
K-stearate GY) 0.205 + 0.002 
| 
Na- | Cetyl-trimethylammonium 
salicylate | bromide (Cetavlon) (This com- 
| munication) Ds, 0.203 + 0.002 


the value of a obtained with K-oleate prepared from pure oleic acid oy, 
The following five rows in Table VI give the values of a obtained with a 
number of carboxylic soaps using K,CO, instead of KCl to reach the 
minimum damping 1%). The last row gives the mean value of a for Cetyl- 
trimethylammonium bromide+Na salicylate from Table V. 

The table shows that the values of a at the salt-concentrations cor- 
responding to minimum damping are of the same order of magnitude for 
all the investigated carboxylic soap, i.e., about 0.19 to 0.20. The a values 
obtained for Cetyl-trimethylammonium bromide at the analogous salicylate 
concentrations and the a values of the carboxylic soaps agree very well. 
It is seen that, with regard to the shear modulus at minimum damping, 
the viscous-elastic Cetavlon systems do not differ from the viscous-elastic 
system of carboxylic soaps. 


15) K-oleate was prepared from freshly purified oleic acid. (For method of the 
preparation see note 9 in part XVII). The following values of a and b have been 
calculated from the results in part XVI, table ILI. 


KCl temp ‘ 
mol/l] eG a 

0.98 Wier) 0.190 2.4 
0.98 25.1 0.188 2.5 
0.98 34.7 0.188 2.4 
0.98 | 46.7 0.190 3.6 


The mean value of a (= 0.189) and the temperature (= 31.1°) have been given 


in table VI. 

16) Compare part XX, table VII, which gives for each soap (except for laurate) 
the values of a obtained at three temperatures. The values of a and of the 
temperature in Table VI are the mean from three values both for a and for the 


temperature. 
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7. On the structure of viscous-elastic systems 


a) Hypothesis of H. L. Boow 


In 1949 H. L. Boors formulated a hypothesis in which it is postulated 
that the formation of viscous elastic systems and the coacervation are 
both consequences of a progressive formation of undissociated soap mole- 
cules at the micellar surface, at increase of the salt concentration. The 
primary change in the diluted soap solution is the transformation of 
spherical micelles (Hartley micelles) into small sandwich micelles. At 
further increase of the salt concentration, the latter grow out to large 
sandwhich micelles at the cost of their number. Besides this, they adhere 
more and more by means of the undissociated spots on their surface, 
which in turn results in the formation of a three dimensional network, 
thus conferring elastic properties to the soap system. As a result of the 
growing number of contact points, the structure retracts at last from the 
bathing medium (watery salt solution), which finds expression in coa- 
cervation. 


b) Streaming birefringence 


One of us, (H. J. VAN DEN BERG) investigated in detail the streaming 
birefringence of viscous-elastic oleate systems 17), For the quantitative 
measurements the Kundt apparatus was used (scheme A in fig. 13). As it 
appeared, however, that already at very low velocity gradients the 
viscous-elastic systems show stream double refraction, the apparatus was 
built in such a way that measurements were possible in a large range of 
velocity gradients. For qualitative observations of streaming birefringence 
two further apparatuses were constructed (compare the schemes B and C 
in fig. 13). In both the apparatuses, the observational direction is 
perpendicular to the normal observational direction of the Kundt appara- 
tus (the dotted lines indicate the three observational directions. 

From the position of the indicatrix of myelinic tubes of K-oleate and 
from the position of the indicatrix of the viscous elastic oleate systems in 
the three different directions (perpendicular to each other) with respect 
to the direction of orientation of the micelles, it can be deduced that the 
oleate micelles are plate-like and are built in conformity with the hypo- 
thesis of Boors (carbon chains perpendicular to the surface of the sand- 
wich micelle). 

The quantitative measurements with the Kundt apparatus showed 
clearly that the streaming birefringence is correlated with the elastic 
properties. Both depend strongly on the same variables (salt concen- 
tration, oleate concentration, temperature, admixtures of organic non- 
electrolytes). 


17) H. J. VAN DEN Bure, Stromingsdubbelbreking van elastisch-visceuse oleaat- 


systemen (with summary in English), Thesis, Leiden 1953. 
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For instance at constant oleate concentration and increasing KCl 
concentration the following relation exists: 1/y=k-G/A, in which y= velo- 
city gradient in sect, at which a certain extinction angle is reached; 
G=shear modulus in dyne/cm?, A = the logarithmic decrement (measured 
in spherical vessels of constant radius;) and k= a constant. 


B C 


Fig. 13. Three apparatuses for determination of streaming birefringe im different 
directions (perpendicular to each other) with regard to the orientation of the 
micelles (A = Kundt apparatus (very schematically )) 


This formula together with several other relations lead to the conclusion 
that the plate-like micelles cohere to form a network structure. The 
orientation of the units of this network (the plate-like micelles) is thus. 
easier as the damping is lower and the shear modulus higher. The 
presence of sandwich micelles (in Na-oleate systems) at KCl concentra- 
tions somewhat below the elastic limit, and in coacervates could also be 
demonstrated. 

An analogous investigation was carried out on elastic-viscous gees 
systems containing Na-salicylate. The position of the indicatrix of a 14 % 
Cetavlon system at minimum damping, was determined in the three 
apparatuses, together with the position of the indicatrix in myelini¢ tubes 
of Cetavlon. This lead to quite the same conclusions as were reached with 
oleate in the above investigations. Hence in the viscous-elastic Cetavlon 
systems containing salicylate, sandwich micelles are present which cohere 
to form a network structure throughout the whole system. 


154 


8. Binding of the salicylate ions. Comparison with the binding of CNS- 


In the hypothesis of H. L. Boots, the formation of undissociated spots 
on the micellar surface plays a fundamental role. Since the above hypo- 
thesis was formulated, more and more facts became known, which gave 
indirect indications in the case of carboxylic and sulphate soaps, that 
indeed the oppositely charged ions of the added salt are fixed to the 
charged groups of the soap-ions of the micelles '*). 

Recently, examples of the formation of viscous-elastic systems and of 
coacervation have been found (Cetavlon+KJ or KCNS) which are 
obtained at unusually low salt concentrations. In these systems the binding 
of the oppositely charged ions to the soap can be proved easily and measured 
by means of a simple method 1%). This method consists in determining the 
salt concentrations (e.g. KCNS) needed to reach the limit non-elastic/elastic 
systems and the coacervation limit, at a number of Cetavlon concentrations. 
These salt concentrations are then plotted against the corresponding 
Cetavlon concentration. In this way two straight lines are obtained (e.g. 
fig. 14). The parts cut off from the ordinate axis represent the equilibrium 
concentration of the ‘‘free-CNS” in the medium, while the slopes of the 
curves allow to calculate the fraction of the quaternary ammonium 
groups which have bound CNS ions. In the example given in fig. 14, the 
slope of the lower straight line (elastic limit) corresponds to a degree of 
occupation of 45 + 2 % 7°). The slope of the upper line (coacervation limit) 
corresponds to 69 + 2 %. These and other data in the above mentioned 
communications confirm the hypothesis of Boojj, i.e. the oppositely charged 
ion of the added salt is progressively bound to the soap at increase of the 
salt. concentration 2), 

18) The salt concentrations needed to obtain viscous-elastic systems and coacer- 
vation respectively, increase with carboxylic soaps (e.g. oleate + alkalichlorides) 
in the sequence (Li)—Na—K—Rb—Cs. (See part XIII). In this sequence the 
affinity of the alkali cations for the COO~ groups of carboxylic soaps decreases 
from left to right. With sulphate soaps the order is just the reverse, i.e. K-Na-Li 
(indirectly determined by combining the alkali salts with MgCl,; see these Pro- 
ceedings, Series B 55, 360 (1952)). The order K-Na-Li is characteristic of the decrease 
of the affinity from the left to the right of the alkali-cations for the sulphate group 
of sulphate colloids. For details on these affinity sequences see H. G. BUNGENBERG 


DE JonG in H. R. Kruyr Colloid Science II, chapter IX (Elsevier Publishing 
Company, Amsterdam, 1949). 

19) H. G. BUNGENBERG DE Jone and A. REecourt, these Proceedings, Series 
B 56, 308, 315, 442 (1953). 

0) The elastic limit given in fig. 14 is the same as that, which in the original 
communication was designed with “limit dynamic-elastic/static-elastic”’. 

*1) It will be clear, that this simple method is only applicable when the salt 
concentrations needed to reach the various limits are relatively low. The shift of 
the concentration to higher values as the soap concentration increases will also 
exist in the case in which the salt concentrations needed are much higher (e.g. 
carboxylic soap + K-salts). In these instances, however, the shifts will disappear 
in the experimental errors. Compare fig. 5, which shows that the maxima of the 
n curves and the inflexion points of the G curves are situated practically at the same 
KCl concentration for different oleate concentrations. 
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We now turn to the experiments with salicylate. 

The salicylate concentration at which the elastic phenomena are present 
are here too so low, that if a binding of the salicylate ions takes place, this 
should manifest itself in a distinct shift of the )/G, 1/A and n curves. This 
shift indeed exists as is evident from the figures 1, 2 and 4. In the same way 
as above, the binding at three criteria will be determined, namely, a) at 
the just appearance of the elastic phenomena (‘lower elastic limit’’) b) at 
the minimum damping (maxima of the 1/4 and n curves) and c) at the 
point at which at increase of the salicylate concentration the elastic phe- 
nomena become no longer observable (“upper elastic limit’’). The salicylate 
concentrations needed to reach the above criteria are given in the columns 
2, 3, and 4 of Table VII **) and have been plotted in fig. 15 against the 
Cetavlon concentration. Quite the same as in fig. 14, a straight line is 
obtained for each criterium which cuts the ordinate; the parts cut off 
represent the equilibrium concentrations (about 2.6; 6.4 and 10.6 m- 


TABLE VII 
Binding of salicylate ions 
Cone. of Na-salicylate in Difference Doe an 
| millimoles/l at a Cetavlon between the sen es » 
Criteri | Deane, 1 : pation in % 
riterion cone. of values in diff 
| columns 4 and 2 (100 x TE) 
| 0.5% | 0.75% | 1.0% | (millimoles/l) dee 
“lower elastic | 
limit” (n=0) | 8.1 11.0 13.6 5.5 48 + 2 
minimum | 
damping 13.3 16.4 | 20.2 6.9 61 + 2 
“apper elastic 
inant es” (raves 20.8 25.3 31.0 10.2 90 + 2 
1.5 and 2 
respective) 


22) The salicylate concentrations corresponding to minimum damping (second 
row) are taken from Table II column 4. For determining the salicylate concentration 
corresponding to the lower and the upper elastic limits, the 1/A curves in fig. 3 
cannot be used, as the lowest experimentally determined points on the ascending 
and descending branches of these curves lie much too far off from the absciss-axis 
to allow extrapolation of these branches. So we must use the n-curves in fig. 4. 
It is seen that the experimental points on the left branches of the n-curves lie practi- 
cally on straight lines. Thus we may take as lower elastic limits the salicylate con- 
centrations at which these straight lines cut the absciss-axis. The data obtained 
in this way are given in the first row of Table VII. Owing to the fact that the 
descending branches. of the n-CyajcylateCUrves in fig. 4, are more or less curved 
at their lower ends, it is not advisable to extrapolate the upper straight parts of 
the branches. It is much better, to read off the salicylate concentration at which 
n has decreased to comparable low values. We have chosen n = | for 0.5 % Cetavlon, 
n = 1.5 for 0.75 % Cetavlon and n = 2 for 1 % Cetavlon. These data are given 


in the third row of Table VII. 
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moles/I salicylate). It is seen that with increase of the equilibrium con- 
centration the slope of the straight lines increases. In calculating from 
these slopes the degrees of occupation, the differences in salicylate con- 
centration for the 0.5 % and the 1 % Cetavlon systems (column 6 in 
Table VII) multiplied by 100, have been divided by 11.35 (This is the 
concentration of 0.5 % Cetavlon expressed in millimoles/] quarternary 
ammonium soaps, compare section 2). The error of the data obtained in 
this way (column 6) amounts to at least 2 units. 


° ye 
301 KCNS 30° 30 Na-salicylate 25 elastic 
m.mole/| eee m.mole/| ea: 
non-elastic 
2 coacervation 69% “| (ho coucervation) 
o 
en minimum 
| 20} “ damping 
- ca 61% 
15} viscous -elastic 15 
elastic - lower 
ee pani ~ Timit elastic 
£o9, limit 
o ° 
10} eal 10 
meee ae 
ae non-elastic 4 non-elastic 
g Cetavion/100 ml g Cetavion Aco mi 
0.25 OS 0.75 1.0 0.25 05 075 1.0 
Fig. 14 Fig. 15 


Fig. 14. Binding of CNS and salicylate ions to the Cetavlon 
Fig. 15. Explanation, see text 


Resuming the above, it may be concluded that in principle no difference 
was observed between salicylate and CNS with regard to the binding of 
these ions to the Cetyl-trimethylammonium cations. In both eases, the 
binding increases at increase of the salt concentration. Also the lower 
elastic limit is reached at almost the same degree of occupation (45 % + 2 
and 48 % + 2). The degree of occupation at the minimum damping does 
not differ very much (61 + 2 % for salicylate; and between 45 + 2 % 
and 69 + 2 % for CNS). From here on the degree of occupation increases 
further both with CNS and with salicylate. In the case of salicylate, no 
coacervation is reached here, (not even when fully saturated with Na- 
salicylate), whereas at a degree of occupation far below 100 %, with CNS 


coacervation sets in. In the discussion an attempt will be made to explain 
this difference. 


9. Discussion. On the absence of coacervation at increase of the salicylate 
concentration 


In the foregoing sections the elastic behaviour (section 3-6), the streaming 
birefringence (section 7) and the progressive adsorption of the salicylate 
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ion at increase of the Na-salicylate concentration (section 8) have been 
investigated. 

In none of these subjects could any essential difference be observed with 
viscous-elastic systems of oleate + KCl or Cetyltrimethylammonium bro- 
mide+KCNS. The latter two belong to the normal type: formation of 
viscous elastic systems and subsequent coacervation at increase of the salt 
concentration. The formation of normal viscous-elastic systems of Cetyl- 
trimethylammonium bromide with Na-salicylate, shows that the salicylate 
ions are adsorbed in such a manner that the salt linkages (““undissociated 
spots” in the hypothesis of H. L. Boots, see section 7, sub. a) are located 
peripherically, and that mutual adhesion of micelles by means of Coulomb 
interactions between such salt linkages is possible. This lead to a hypothesis 
that the salicylate ions are adsorbed with their benzene rings parallel to 
the surface of the sandwich micelle (compare fig. 16 A). 
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Fig. 16. Scheme for the binding of the salicylate ion to the Cetavlon micel; 

A = salicylate concentration at minimum damping. At higher salicylate con- 

centrations, the salicylate ions turn gradually in a position perpendicular to the 

micel so that a higher degree of occupation becomes possible at B, degree of 
occupation is 100 % 


The absence of coacervation with increase of the salicylate concentration 
suggests, that at the much higher degrees of occupation which are actually 
reached (90 %; see section 8), the orientation of the bound salicylate ions 
must be such that the salt linkages are no longer situated at the periphery 
(compare fig. B). Thus the mutual adhesion of the micelles is prevented 
and the requirements for coacervation according to the hypothesis of 
Boors (retraction of the micellas network from the bathing medium as a 
result of a sufficiently increased number of intermicellar contacts by means 
of the undissociated spots) are no longer fulfilled. 

The above was supported by means of a determination of the molecular 
dimensions (Fisher-Hirschfelder molecule models). 

The area of the projection of the quarternary ammonium group (about 
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29 A2 in reasonable agreement with the value 31 A2 given by ScHULMAN ”%), 
obtained with spreading experiments) appeared to be about 60 % of that 
of the largest projection of the salicylic acid molecule. In other words the 
adsorption of salicylate ions as depicted in fig. 16 A is possible to a degree 
of occupation of about 60 % of the equivalent amount. In the experiments 
the minimum damping was found at about this same degree of occupation. 
It then becomes understandable that up to and including the minimum 
damping the viscous elastic systems are quite normal in every respect. 
At increase of the salicylate concentration beyond the value correspond- 
ing to the minimum damping, the orientation of the adsorbed salicylate- 
ions must gradually change to make space for more bound salicylate-ions. 
The salicylate-ions remain attached with their COO~ groups (and probably 
with the phenolic-hydroxyl groups) to the surface of the micelle, but the 
benzene-rings are turned more and more in the direction of a vertical 
position (fig. 16 A—B). As a result of this, the salt linkages loose their 
peripheral position and — as was explained above — coacervation becomes 


impossible. 


It was found by means of molecule models, that the largest projection 
of the CNS-group is only about half that of the projection of the quarternary 
ammonium group. From this, it follows that if the equivalent amount of 
CNS ions (thus degree of occupation = 100 °%) is placed flat on the micellas 
surface, only about half of the surface is occupied by the CNS ions. Thus 
at any degree of occupation of the micellar surface the salt linkages lie 
peripherically. The formation of viscous-elastic systems and coacervation 
are thus both realisable. The same holds, of course for Oleate + KCl, the 
mosaic of charges (COO~ group and K*) lying always peripherically. 


10. Summary 

1. Cetyl-trimethylammonium bromide solutions show at increase of 
the Na-salicylate concentration first the formation of viscous-elastic 
systems; thereafter the elastic properties disappear, but coacervation does 
not occur — not even at saturation with Na-salicylate. In the normal case 
of detergent + salt, coacervation sets in as soon as the elastic properties 
have disappeared at increase of salt concentration. 

2. The elastic properties of the viscous-elastic systems with Na- 
salicylate have been investigated in some detail. The subjects investigated 
are: 

a) dependence of T (period) and A (logarithmic decrement) on R 
(radius of the vessel), 

b) dependence of G (shearmodulus), A (logarithmic decrement) and n 
(maximum number of observable turning points) on the salicylate con- 
centrations. 


*8) Discussions of the Faraday Society, 6, 59 (1949); J. H. Scxunman in the 
general discussion of the communication by K. G. A. PANKHURST. 
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c) dependence of G, A and n on the Cetyl-trimethylammonium bromide 
concentration at the salicylate concentrations corresponding to the 
minimum damping. 

d) dependence of A (relaxation time) and x (slip constant) on the Cetyl- 
trimethylammonium bromide concentration, in the region of concentra- 
tions in which A is determined both by / and x. 

3. The results of the elastic measurements are essentially quite the 
same as those obtained with viscous-elastic Oleate systems containing 
KCl. There is even a quantitative correspondence with regard to the 
relation /G=a(C,,,,— 
same value (a=0.20) as in carboxylic soaps (a=0.18 — 0.20). 


b), as the characteristic constant a has nearly the 


4. Investigation of the streaming birefrigence leads to the same 
conclusion as in viscous-elastic oleate systems: the viscous-elastic systems 
contain plate-like micelles (sandwich micelles), which adhere locally to a 
network structure throughout the whole system. 

5. The salicylate concentrations at which @) elasticity is just observable, 
b) the damping is a minimum, and ¢) the elasticity has nearly disappeared, 
increase with increase of the Cetyl-trimethylammonium bromide con- 
centration. It is calculated from these shifts that the degree of occupation 
of the positive groups in the micellar surface with salicylate-ions is about 
48 % at criterium a), about 61 % at criterium 6) and about 90 % at 
criterium c). 

6. There is a close correspondence with the analogous progressive 
binding of CNS to Cetyl-trimethylammonium bromide. The difference is 
that with KCNS coacervation takes place at about 70-80 % degree of 
occupation, whereas with Na-salicylate, coacervation does not occur at all. 

7. Itis suggested that the salicylate-ions are adsorbed with the benzene 
ring lying flat on the micellar surface. It appears from the area of the 
quaternary ammonium group and of the salicylic acid molecule that 
this is possible up to a degree of occupation of about 60 %. In this position 
of the absorbed salicylate-ions, intermicellar contacts (by means of salt 
linkages) remain possible. This explains why upto and including the 
minimum damping quite normal viscous-elastic systems are formed. 

8. At further adsorption of salicylate ions, the already adsorbed 
salicylate ions must change their orientation. The benzene rings are 
gradually erected more or less perpendicularly to the micellar surface. 
The salt linkages lie no more peripherically and intermicellar contacts 
break down. This explains why no coacervation (retraction of the micellar 
network from the bathing medium) takes place at increase of the salicylate 


concentration. 
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SUMMARY AND CONCLUSIONS 


1. The physical and chemical changes in the estuarine environment are, 
in a large part, of biological origin. Our main concern has been with the 
members of the sulphur cycle, the activities of which are concentrated 
chiefly in and on the surface of the mud. 

2. The environment in which each of the various groups of organisms 
is active has been characterized by its pH and electrode potential (Kh). 
By measurements taken in natural environments, in enrichment cultures, 
in mass cultures, and in pure cultures on a variety of media, it can be 
shown that various groups of microbes occur in definite pH/Eh areas. 

The Eh/pH characteristics of the following microbial groups were 
obtained from: 


Group No. of observations 
(a) Sulphate reducing bacteria 193 
(b) Thiobacteria 272 
(c) Purple bacteria 420 
(d) Green bacteria 46 
(e) Algae 298 
Total "1229 


CHARACTERIZATION OF THE ESTUARINE ENVIRONMENT 


The variability of the estuarine environment has been stressed by 


*) Officers of the Division of Fisheries, C.S8.I.R.O., Cronulla, Australia. 
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several authors (v. RocHForD 1952). In the water, chlorinities may vary 
from 0 to more than 30 °/,,, pH from below 6.0 to 9.4, temperatures from 
0 to well over 30° C, while oxygen saturation will range from 0 to more 
than 200 per cent. The excess base shows diurnal as well as seasonal 
fluctuations, and is, on the whole, lower than in seawater (< 2.45 x 10-8 N), 

There are various contributory causes of this variability. These include 
the influx (often the sudden influx) of fresh- or seawater, configuration, 
insolation, climate, the enhanced influence of the biological components 
(including man), to name a few of the most important factors. In the 
marine environment, while the effect of the bottom may be traced in 
inshore waters, the ocean as a whole is little influenced by chemical and 
biological processes occurring in the bottom. In the estuarine environment, 
the bottom, with its peculiar biocoenosis, profoundly influences the 
supernatant water. While many abiological processes (oxidation, ion- 
exchange, adsorption, etc.) take place in and on the surface of the mud, 
the reductions are all of biological origin, so it seems logical to study the 
biological oxido-reductions as they occur in the mud (ZoBELL 1946). 

We intend to report on some of the more important abiological reactions 
in a later communication. In this paper, we attempt to characterize the 
natural environment by its hydrogen-ion concentration and electrode 
potential. These two characteristics are influenced by a great number of 
factors. The presence or absence of various ionized and unionized in- 
organic compounds is a function of pH. Here, the dissociation constants 
of H,S, of phosphoric and carbonic acids, and also the solubility-products 
of such substances as FeS, CaCO, and FePO,. 2H,O (to name only a few) 
are among the physico-chemical factors. Superimposed on these constant 
factors are biological and abiological processes such as sulphate-reduction, 
sulphide oxidation, photosynthesis, and lime deposition. Many estuarine 
organisms, moreover, excrete reducing substances; sulphonium salts and 
their decomposition products as in Ulva, Enteromorpha, Fucus, and 
Polysiphonia (Hass 1937, Bywoop and CHALLENGER 1954), Zostera and 
Posidonia (Woop 1954). It seems probable that similar compounds are 
excreted by both sulphate-reducing bacteria and thiobacilli, since several 
of our cultures produced organo-sulphur compounds. 

This veritable maze of reactions, briefly indicated above, may be 
compared to a play in which the members of the biocoenosis, microbial 
and macroscopic, mentioned above, are the actors. The sequence of these 
actors in a biocoenosis has aptly been named “‘metabiosis” by the late 
H. G. Derx (1942). If seawater and mud be fortified with a small amount 
of ammonium- and acid-phosphate ions, and a small strip of filter paper 
placed in the medium, bacterial cellulose fermentation will occur, giving 
reducing conditions which will be followed by sulphate reduction when the 
redox potential has fallen low enough (see Fig. 10). Hydrogen sulphide 
will be produced and ferrous sulphide will be precipitated. When the jar 
is placed in the light, green and/or purple sulphur bacteria, almost in- 
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variably develop, while, at the water-air interface, Thiothria and possibly 
Beggiatoa make their appearance. When the H,S tension is still consider- 
able, the euglenoid flagellate Hutreptia viridis or the blue-green algae such 
as Lyngbya develop. When most of the reducing substances have dis- 
appeared, various green algae (Chlamydomonads) and diatoms may 
dominate the whole culture. 

The above picture of a metabiosis is, however, misleading in its simplicity. 
Fungi, ciliates, colourless flagellates, amoebae, and nematodes enter into 
the play as well. These components also form or remove limiting sub- 
stances, nutrients, and nutrilites. It seems, therefore, a hopeless task to 
reproduce the happenings at a mud surface by means of pure cultures. 
At the biochemical level, or in the study of a single process, pure cultures 
are a necessity, but in ecology their use is limited, as was convincingly 
demonstrated by WrnoGRApDsKy (1949). In order to reconstruct such a 
play as ‘““Macbeth’’, it seems unsatisfactory to study Banquo’s part alone. 

We are aware of the fact that the ecological approach has its pitfalls. 
Therefore, while we studied the natural environment we confirmed our 
deductions wherever possible by means of pure- or quasi-pure cultures. 
The results obtained by means of these cultures were never in conflict 
with those from the original environment or from enrichment cultures. 
This means that there were only a few actors holding the stage, and that 
those in the minor roles did not materially affect the proceedings. It is for 
this reason that, with all the difficulties inherent in our method of approach, 
we feel that the characterization of the environment which we have 
attempted in this paper may at least lay the foundation of a more rational 
analysis of the estuarine biocoenosis in the future. 

The sulphur cycle seemed a good starting point for such an analysis, 
as its components involve a wide range of naturally occurring oxido- 
reductions, yielding a large number of both soluble and insoluble compounds. 
The actors in this play are all, or nearly all, known. Moreover, sulphate 
reduction is one of the dominating processes in the estuarine mud. The 
production of sulphonium salts (referred to above) by algae and phanero- 
gams occurring on the mud flats showed that these organisms enter the 
sulphur cycle, and must be considered with it. Because photosynthetic 
organisms may influence the redox characteristics of the external milieu 
in other ways as well, they were included in this study. 


MICROBIAL GROUPS STUDIED 
(a) Sulphate reduction 

Bacteria that are able to reduce sulphate have a very wide milieu. 
They are thermotolerant as well as psychrophilic, they will develop under 
a water pressure of 1,000 atmospheres (ZoBELL 1953), they occur in bog 
water at pH 4.2 with less than 100 p.p.m. of dissolved salts (BAAS BecKING 
and NicoLar 1934), as well as in concentrated salt solutions at pH 10.4 
(at Sand Springs, Nevada, Baas Broxrne 1934 and field notes). We 
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found that, in cultures from estuarine mud in a lactate-bicarbonate 
medium, the time taken for the first obvious production of sulphide was 
almost a linear function of the salt concentration; 4 days at 30° C in 4 
per cent. NaCl, increasing to 29 days in 21 per cent. salt. However, it 
took 11 days for the same strain to produce sulphide in the absence of 
NaCl. The ratio of monovalent to bivalent cations does not seem to be 
critical for sulphate reduction, nor does the relative concentration of 
chloride, bicarbonate and sulphate ion. However, at Dry Creek salt works 
in South Australia, there was an active sulphate reduction in the brines 
where calcium sulphate was depositing, but no reduction and a high Eh 
(+450 mv) at pH 7.1 in the end brines in the salt crystallizers (Baas 
BECKING, field notes). It was later found that, at high salt concentrations, 
the organism becomes sensitive to magnesium. Cultures on acetate medium 
remained inactive in more than 0.9N MgCl, whereas NaCl is tolerated in 
any concentration. 

While most estuarine muds will yield a sulphate-reduction on purely 
inorganic media, using steel wool as a hydrogen source, the development 
will cease after one or two transfers. Acting on a suggestion by PosTeaTsE 
(pers. com.) it was found that the majority of cultures from estuarine 
muds could not grow utilizing molecular hydrogen when supplied as a 
gas or with steel wool, but did grow immediately lactate was supplied. 
The strains did not possess hydrogenase, and though exceptions were 
found, hydrogenase-free strains seem characteristic of the estuarine 
environment. Hydrogenase-containing strains were obtained from a black 
freshwater mud collected from Macquarie Island in 1952 by Mr. JoHNn 
Bunt, and also from sulphur nodules collected by Mr. C. W. BonyrHon 
from the south-east shore of Lake Eyre in 1953, and by Mr. I. R. KapLan 
in 1954. The 1953 cultures stood seven consecutive transfers on a steel 
wool medium, and cultures from the second Lake Eyre collection contained 
hydrogenase '). 

Mention should be made of the aerobic and anaerobic commensals 
which occur with, and are difficult to separate from, the sulphate-reducers. 
Little is known of the anaerobic component (PostrGarE 1953), but the aerobic 
commensal has been found to increase the resistance of sulphate-reducers 
to hydrostatic pressure (Woop unpubl.). From PostTGAte’s 1953 paper, it 
would seem that strictly pure cultures of sulphate-reducers have rarely 
if ever been isolated up to date, so that the term “pure culture” is used 
relatively. 

Fig. 1 shows the pH/Eh relationships of 193 analyses of sulphate- 
reducing bacteria in natural muds, enrichment cultures, and ‘‘purified” 
cultures, made by repeated subcultures in lactate cysteine medium 
(GrossMAN and PosreaTE 1953). The points were obtained as follows: 

M represents points taken from natural muds in which sulphide was 


1) The results will be published in the Trans. Roy. Soc. South-Australia. 
12 Series B 
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evident by H,S and FeS formation. Muds covered by decaying algal 
vegetation and Zostera are included. 

F indicates enrichment cultures prepared with steel wool (previously 
extracted with petroleum ether) or with ferrum reductum and glass wool, 
the latter to increase the available surface. Subcultures of the Lake Eyre 
strains were also grown on hydrogen gas. 
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Fig. 1 


FC indicates that cysteine or yeast autolysate was added to the iron 
medium for further enrichment. 

L represents cultures grown in sodium lactate media with seawater or 
salt, buffered to various pH by means of carbonate-bicarbonate. The 
replacement of lactate by acetate is designated by A. Nearly all strains 
of sulphate-reducers grew in these media. 

Enrichment cultures were also prepared using cellulose, alginate, agar, 
and starch (C). These cultures yielded acid conditions — in one acetate 
culture H,S was formed at pH 4.62, but no Eh measurement was made. 
Below pH 5.8, FeS dissolves unless protected by high concentrations of 
H,S. On organic media the cultures tend to show an initial acidification 
and then become more alkaline. 

The composition of the media used is given in Section 4. 

It should be remarked that the extreme pH values were calculated from 
the field observations mentioned above on the assumption that the 
electrode potential of the substrate was entirely determined by the 
H,S/SH concentration. 

This procedure is, of course, incorrect. The pH limit is therefore given 
with reserve. 

The highest potentials were obtained in steel wool cultures at +110 mv. 
We ascribe this to the almost complete fixation of the sulphide as FeS. 
The lower limit is also given by the cultures on steel wool. Here, both 
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H,S and H, tensions will determine the Eh. In controls and negative 

cultures the potential may drop below —400 mv at pH 8.8. It may be 

that some of the lowest potentials obtained are partly due to the presence 

of unconsumed hydrogen, although we will adduce evidence in Part IL of this 

series that these low potentials may be caused by hydrogen sulphide alone. 
The following are the average values: 


Medium Av. pH Av. Eh No. of samples 
Natural mud Teel —90 26 
Tron medium 7.98 —49 69 
Acetate medium Toe —94 42 
Lactate medium 7.43 —89 47 
“Carbohydrate” 6.17 —115 9 
General average 7.59 —76 193 


When natural or artificial (VERHOoP 1940) black (sulphide) muds were 
aerated, no visible oxidation (shown by the brown colour of Fe,O0,) could 
be observed below ~180 to + 200 my. It may be that the relatively high 
potential (up to + 65 mv) of many black muds is caused by incipient 
oxidation. The precipitation of calcium carbonate would set a natural pH 
limit in seawater and estuarine water of pH 9.2—9.4, In Ca and Mg free 
media, however, bicarbonate ion would be available at very high pH 
values. At pH above 9.6, free ammonia may limit the development of 
sulphate-reducing bacteria. Regarding the lower pH limit of bacterial 
sulphate reduction, we can do no more than suggest that the bacteria 
cannot tolerate higher acidity. 

Fig. 2 shows the change of characteristics during the development of 
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sulphate-reducers in various media. In carbohydrate media, there is an 
initial acidification which also occurs in lactate-bicarbonate. Older cultures 
in carbohydrate and lactate, as well as acetate cultures, show a progressive 
increase in pH. Reduction of sulphate on steel wool and on iron powder 
resulted in a faint increase in pH (8.1-8.5). 

Cultures on steel wool and iron powder often produced volatile, evil- 
smelling substances, probably organo-sulphur compounds. Acetaldehyde 
was formed in certain cases from sodium lactate. 


(b) Thiobacteria 

The three main groups of thiobacteria occur in the estuarine mud 
environment, viz., the thiooxidans group, which oxidizes sulphur and 
thiosulphate to sulphuric acid, the anaerobic Thiobacillus denitrificans, and 
Th. thioparus. The true Th. thiooxidans, which has an optimum pH for 
growth at 2 to 4 and which frequently reduces the pH below pH 1, was 
rare, and the organism most commonly met with seems to resemble 
somewhat the intermediate organism referred to by WAKSMAN (1932, p. 88) 
as present in alkaline soils. 

The main group of organisms which we have designated the ‘‘thio- 
oxidans”’ showed activity in alkaline media and at low electrode potentials 
(above —200 mv) giving a concomitant increase of both pH and Eh leading 
to end values of pH 1 to 2. The field observations are widely distributed 
but scanty. One of us observed, on the dry floor of Lake Tyrrell, after a 
salt harvest, a pH of 2.6 (BAAs Breckrne 1938), and similar values were 
encountered in a sulphur lake on the slope of the voleano Patuha, Java, 
in 1936. Mr. I. R. Kapian found values as low as pH 1.20 near hot springs 
in the Rotarua district, January 19551). Highly acid waters apparently 
formed by the oxidation of pyrites were described by OHLE (1936), while 
the acidity in the effluent of coal mines has often been ascribed to the 
action of thiobacteria. We isolated a thiooxidans type from surface coal 
at Coalcliff, New South Wales. VAN peR Spek (1934) reports highly acidic 
oxidation products from recently exposed clays in Holland. Members of 
the group are both thermo- and halotolerant (Baas Broxrna 1934). We 
have found that both mixed and pure (single colony isolations) cultures 
showed a great indifference to oxygen tension, so much so that, above a 
pH 5, they could be described as anaerobic (v. Fig. 3), while at greater 
acidities, the oxygen required for the aerobic reaction is so little that we 
may ascribe the low redox-potentials below pH 5 to air leaks in the 
stoppered culture bottles, or to incomplete removal of oxygen during the 
preparation of the cultures. 

This phenomenon will be further analysed in Part ITI, and it will suffice 
here to state that the reaction: 

S+40H- — SOf + 4H + 2e- is exergonic, AFy53 = —26.9 K. cal and 
that this behaviour of the thiobacteria might therefore have been expected. 


1) His results will be published in the near future. 
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In Part II it will be shown that, even down to pH 5, the reactions, both 
with sulphur and thiosulphate as a substrate, may proceed anaerobically. 

Certain deep mangrove muds, showing a low pH and an unusually high 
electrode potential (pH 5.6-5.8, Eh +475 my), indicate the possibility anne 
similar processes may occur in nature. 


Fig. 3 shows the results obtained from cultures of estuarine thiobacilli 
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using either sulphur or thiosulphate as energy source, under anaerobic as 
well as aerobic conditions. 

In 14 per cent. of the isolates, a concomitant increase of pH and Eh 
could be observed, showing that another type of reaction was dominant. 
These forms are indicated in Fig. 3 as Tp, and were ascribed to the thio- 
parus group. They may well have belonged to Starkey’s Th. novellus types. 
These organisms occurred in 17 aerobic and 14 anaerobic cultures. 


In Fig. 3 S indicates aerobic culture in sulphur medium 
, freshwater ') 
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1) Cultures from material obtained by Mr. I. R. KaApran, C.S.1.R.0., from 
sulphur springs in the Rotarua (N.Z.) region, and from a Th. concretivorus culture, 
kindly supplied by Mr. C. D. Parker, Metropolitan Board of Works, Melbourne. 
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The averages for the various types of culture are given below: 


Type Oxygen Energy Av. pH Av. Eh No. of 
source observ. 
Thiooxidans (salt) aerobic S) 4.15 +425 mv 67 
a (fresh) ¥ S 1.63 520 , 28 
s (salt) anaerobic Ss 5.84 LE7-> 67 
99 3 aerobic thiosulph. 4.05 3710 5; 44 
a (fresh) “y - 2.42 484 ,, 18 
+5 (salt) anaerobic 5.50 193 ,, 17 
“Thioparus” ,, aerobic 3 8.32 179 ,, Ly 
ss 37 anaerobic 7.34 Iby* .; 14 
Total 272 


The cultures with a low oxygen tension contained H,S; the reaction 
S — H,S, being exergonic below pH 7, may take place in most living cells. 
This H,S production resulted in irregular pH/Eh curves. When we plot 
the average pH/Eh relations for all cultures, a linear relationship appears. 
This suggests that the data, apart from those for the thioparus group, are 
indicative of a single, relatively homogeneous group of organisms. 

During the course of these investigations, we prepared large volumes of 
cultures for Dr. FRANK Moss (Bact. Dept. Med. School, Univ. of Sydney), 
who is studying the cytochromes of various microbes. The cultures of 
thiobacilli, grown in enriched seawater, with sulphur as a source of energy, 
showed a gradual drop of pH to 5.0. The pH then remained constant for 
several days and then dropped suddenly to 2.6, at which the bacteria 
seemed to lyse. Centrifugation yielded no sediment, and transfers to fresh 
media were unsuccessful. Freshwater cultures did not show this phenom- 
enon. Moreover, freshwater cultures seem to produce larger amounts of 
acid, as appears from the table. Many cultures, even aerobic sulphur 
cultures, produced mephitie odours, suggestive of sulphonium compounds. 


(c) Purple bacteria 

Like the sulphate-reducers and the thiobacteria, purple bacteria tolerate 
extreme environments. Mass development on concentrated salt has been 
repeatedly observed (Baas Burokrne at Sand Springs, Nevada, 1934; 
Woop, Searles Lake field notes, 1954); Buritin and PosrGarE at El 
Agheila (1954). The pH limits observed by us are 4.92 (laboratory culture) 
and 10.4 (field observation). The thiorhodaceae are regular inhabitants of 
the black mud surface. They occur in hot springs (Steam Boat Springs 
(Baas Brcxrna), Nevada) at 48° C and at 70° C at Searles Lake, California 
(Woop, at midday). 

In order to delimit the milieu further, a study was made of natural 
accumulations as well as of mass- and purified cultures derived from 
metabiotic seawater-cellulose cultures. The Chromatium, about 6 u long, 
was repeatedly transferred and finally obtained free from sulphate- 
reducers, thiobacilli, green bacteria and algae, all of which were originally 
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present. If cultured in a medium containing more than 0.01N H,§, only 
green bacteria developed (see also LARSEN, 1952). 
Cultures were made on media with the following energy sources: 


a. Salts of organic acids, thiosulphate and sodium sulphide. 
b. Sodium sulphide in various concentrations. 
e. Sodium sulphide with 0.1% or 0.5% thiosulphate. 


The cultures were placed in a light cabinet at 22-25° C. In the unpurified 
cultures, the purple bacteria followed the green bacteria. After several 
weeks, when the cultures appeared to be entirely free from sulphur, and 
the Eh had risen to +300 mv., a green Chlamydomonas made its appear- 
ance. The purified cultures after 7 transfers on inorganic media showed the 
same pH/Eh characteristics as the enrichment cultures. Development 
ceased after about 60 days. The results are shown in Fig. 4. Cultures in 
their natural environment were more limited in their Eh/pH range than 
those in culture, due, no doubt, to the intervention of other microbial 
processes. 

The average values for the milieu are as follows: 


Medium Initial Final No. of 

pH Eh pH Eh observ. 
Organic acids 7.10 —150 mv 9.20 +328 mv 20 
Na,S 1.26 —118 ,, 6.85 +170 ,, Liz 
Na,S, 1 % thio. (elit — 88 ,, 7.02 +312 ,, 108 
Na,S, 5 % thio. TEM Sone Bhi 5.91 +286 ,, 108 
Natural milieu 12 
Total 420 


The milieu limits for autotrophic cultures are pH 4.92 to 9.58, Eh + 320 
mv. to —230 mv., average pH 7.33, Eh +96. For cultures on salts of 
organic acids the limits are pH 7.20 to 9.75, Eh +328 to —90 mv. Fig. 5 
shows the average change on various media due to the Chromatium. It 
will be seen that the organic media become alkaline, while there is a 
development of acid in the higher thiosulphate concentrations. In sodium 
sulphide alone, the bacteria produce only minor fluctuations in pH. Fig. 6 
shows the increase in Eh in the various groups. Values higher than + 300 
mv. are very rare. Some cultures produced external as well as internal 
sulphur in the region indicated in Fig. 4. 

In the thiosulphate-sulphur cultures, the bacterial mass, as estimated 
by colour intensity, increased up to 20 days at pH 6.65, Eh +130 mv., 
during a sharp drop in pH. The curious relations obtained are shown in 
Fig. 7. We have no explanation to offer for this phenomenon. 


(d) Green bacteria 


A small green streptococcus (individual cells, 2-3 fz) accompanied the 
Chromatium described above. It developed only on inorganic media with 
sodium sulphide with or without thiosulphate. Only 46 observations were 
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made on this organism, aud these are recorded in Fig. 8. The Eh limits 
seem very restricted, between —100 and —300 mv. The pH limits are 


Eh (mv). GREEN BACTERIA. 
-— 100 


— 200 


= Efeke) 


6 7 8 9 1opH. 
Fig. 8 
6.5 to 9.8. The “‘area”’ of this organism is well within the limits of sulphate- 


reduction. In a restricted area, purple and green bacteria may occur 
together. 


(to be continued ) 


BIOCHEMISTRY 


BIOLOGICAL PROCESSES IN THE ESTUARINE ENVIRONMENT 
Il. ECOLOGY OF THE SULPHUR CYCLE 
133g 


L. G. M. BAAS BECKING anp E. J. FERGUSON WOOD * 


(Communicated at the meeting of March 26, 1955) 


(e) Algae 

In terms of pH and electrode potential, the algae form the greatest 
contrast to the green bacteria. The latter are stenobionts, their milieu is 
rigidly prescribed by nature, while the algae may occur from pH 1.2 in 
sulphur springs to a pH well above 10.0 in the brines of alkaline desert 
lakes. Neither salinity nor temperature seems to hamper the development 
of these flagellates. In the estuarine environment, their milieu is more 
restricted as to pH. A second peculiarity of the algae is the rapidity with 
which they induce measurable changes in the environment. The effect of 
photosynthesis, often expressed by a concomitant increase in pH and Eh, 
may be demonstrated within an hour, while the production of sulphonium 
salts by Enteromorpha, resulting in a simultaneous lowering of pH and Eh 
may be demonstrated within a few hours. As stated in Section 1, certain 
algae will excrete highly reducing substances and thus within a few hours 
lower the Eh to a value well within the milieu limits of sulphate reduction. 
Marine phanerogams, as well as the brown alga Hcklonia behave in a 
similar manner. Sea sand covered with a layer of these organisms will 
show sulphate-reduction within 12 hours at room temperature. It is no 
wonder then that both Zostera and Enteromorpha are constant companions 
of the sulphate reducers. Very low electrode potentials are also tolerated 
by blue-green algae such as Lyngbya. These forms are able to develop in 
media containing at least 10-+n H,S. It seems to us that further investigation 
of these blue-green algae is highly desirable. In our study, we included 
observations on Enteromorpha and the blue-greens Lyngbya sp., Aphano- 
capsa littoralis, and Nodularia spumigena, some chlamydomonads and 
diatoms. We also used a freshwater Chlorococcus, and the cosmopolitan 
polyblepharid flagellate Dunaliella of which two species (probably D. parva 
Lerche and D. minuta Lerche) were studied. The picture obtained is still 
highly incomplete. 

Mr. Ian Kaptan, from this laboratory, visited the hot springs and geyser 
region of Rotorua, New Zealand, in January, 1955. Many of the juvenile 
waters emerge as neutral or alkaline, silica-containing, solutions but, at 
the exposure to the atmosphere are rendered increasingly acid by the 


*) Officers of the Division of Fisheries, C.S.1.R.O., Cronulla, Australia. 
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oxidation of sulphur. Live diatoms (classified by L. Crossy, C.S.I.R.O., as 
Navicula grevillei (Agardh (CLEVE)) were found in the green deposit at the 
edge of Lake Rotakaua at pH 1.20 Eh +600 mv. 27 sets of measurements 
are, moreover, available for the following blue-greens. 


at t° pH Eh 

(1) Calothrix parietina Thuret 

var. thermalis G. S. West 68° — 83° C 5.60 — 7.80 +030 — +130 
(2) Mastigocladus laminosus Cohn +70°C 1.90 — 8.40 +130—-— +600 
(3) Oscillatoria geminata Menegh. 30° — 70°C 4.90 — 7.65 +070 — +160 
(4) Phormidium laminosum Gom. 25° — 68° 5.60 — 8.40 +030 — +200 
(5) Aphanocapsa thermalis Brigg 30° — 47 1.20 — 6.60 —185 — +670 
(6) Aphanothece (close to A.clathrata 

W. & G. S. West) +70° 6.50 — 7.65 +070-— +145 


No. 2 and especially 5 “follow” the milieu of the sulphur oxidizers almost 
to its limit. 

The work of Pop (1936) at Leyden has shown that several forms are able 
to withstand high concentrations of H,S at a rather low pH. We calculated 
the Eh of his media, assuming the H,S tension as the primary cause of the 
potential. A few examples follow: 


Tolerated concentration for pH pH,S Eh 
(calculated) 
Respiration: Chlamydomonas 4.10 3.0 — Il mv 
Euglena gracilis 5.80 3.0 —113 ,, 
Hormidium flaccidum 7.00 3.0 —186 ,, 
Photosynthesis: Hormidiwm flaccidum 6.50 2.5 —170 ,, 
Ehanv) 
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Butreptia viridis Perty var. schizochlora Entz. is a frequent inhabitant 
of the mud surface, and the milieu of this flagellate and of Huglena should 
be further investigated. 

The behaviour of the algae mentioned above is roughly described by 
the old limnological terms oligosaprobic (e.g. Dunaliella) and polysaprobic 
(e.g. Lyngbya, Eutreptia, Enteromorpha), but these terms lose much of 
their meaning when we consider that Enteromorpha will reduce its environ- 
ment by means of excreted sulphonium salts and that nothing needs to 
be “‘decaying”’ in this environment. 

Figure 9showssome of the experimental data. Work on Enteromorphaisstill 
proceeding at this laboratory, and further results will be published in Part V. 

The average pH/Eh values for the algae studued are: 


pH Eh No. of observ. 
Dunaliella 8.73 +315 mv 69 
Enteromorpha Sal3 +244 ,, 81 
Blue-green algae (estuarine) 7.95 +297 ,, 61 
Blue-green algae (Rotorua) 7.02 +281 ,, 28 
Other algae and diatoms 6.46 +275 ,, 60 
Total 299 


COMPARISON OF THE GROUPS STUDIED 


Figure 10 and the accompanying table summarize the results obtained. 
It will be seen that the milieu of the various autotrophs studied lies well 
within the limits for 1 atm. hydrogen and 1 atm. oxygen, while so-called 
“overpotentials” have been observed in heterotrophs (ZoBELL, 1946). The 
estuarine environment is limited by the broken lines between pH 5.2 and 
9.4. Many, if not all these groups transgress these limits, and the same 
seems true for the upper Eh limit. No values higher than +475 mv. were 
observed under natural conditions, but cultures of thiobacilli and algae 
showed much higher potentials. The lowest estuarine mud showed an Eh 
of —280 mv. while lower values were recorded in cultures of sulphate 
reducers on steelwool and in acetate media. GILLESPIE and RETTGER (1938) 
record electrode potentials of this order between pH 6.0 and 8.8 for some 
Clostridia lactobacilli and Aerobacilli. The five groups of organisms studied 
here find a narrow common area near —100 mv. and pH 7.8, a region usual 
for surface muds. The table shows the percentage distribution of the 
variants in the four main groups of bacteria and in the three groups of 
algae. The averages of Eh and pH for the bacterial groups all seem to be 
situated on a line Eh = 1130-165 pH mv. 

They represent a series starting with the green bacteria at an Kh —178 
my. and pH 7.96 and ending with the aerobic cultures of thiobacteria at 
an Eh 428 my. and pH 4.07 (average). The algae follow roughly the changes 
induced in the milieu by photosynthesis and by the production of reducing 
substances !). 


1) In the acid range, the algae occur in the milieu created by the thiobacteria. 
The lower Eh limit for the algae seems significantly different from that of the thio- 
bacteria, however. 
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From the facts recorded here it appears that the demonstrated co- 
existence of certain microbes may be indicative of certain pH/Eh relation- 
ships, and that, inversely a prediction may be made as to the nature of the 
active organisms if the pH and Eh of a certain environment are established. 


Eh(mv). 


+1200 


+1000 


THIO BACT, 


(o) 2 ee 6 8 Ke) 12 pH. 
Fig. 10 


Certainly, the estuarine environment, especially the surface muds lies 
in a zone of potential activity of all microbial groups studied. This en- 
vironment will show immediate response to changes in the physico chemical 
conditions, some of which were listed in Section 1. 

It is evident that many more factors need to be measured before a 
complete description of the estuarine microbial biocoenosis may be given. 
A study of the organic components is certainly required. Both the carbon- 
and the nitrogen-cycles will doubtlessly play an equally important role. 


Merruops 
(a) Measurements 


A thermionic valve electrometer, the Jones potentiometer, was used 
throughout for pH and Eh measurements. This instrument proved to be 
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both reliable and rugged, as it was used with success in field work under 
difficult conditions, and in the laboratory. The pH readings were regularly 
checked by means of buffer solutions and were reliable within + 0.02, while 
the Eh readings were reproducible to +5 my. The Eh values were regularly 
checked by means of a mixture of equal parts of 1/300N potassium ferro- 
and ferricyanides in 1 nKCl. The temperature corrections on the electrode 
potential were negligible. For pH, glass and calomel electrodes (sat. KCl) 
were used and for Eh, platinum and (the same) calomel electrodes. The 
platinum electrode was cleaned regularly by immersion for 30 minutes in 


178 


cleaning solution and washing overnight in distilled water. Only when 
hydrogen peroxide was present did the electrode become poisoned, and 
it remained so for several hours despite repeated cleaning. A brief immersion 
of the Pt-electrode in 1 n.HCl is sufficient to restore its normal activity 
after use in rather alkaline sulphide solution. The glass electrode becomes 
unreliable above pH 9.6. 


(b) Media 
SULPHATE REDUCTION 


Basic medium 
Filtered aged seawater to which is added: — 


Mohr’s salt 400 mg/l 
KH,PO, 200 ,, 
NaHCoO, 500 ,, 
a. Steel wool 40 mg/100 ml bottle 
600 mg/litre jar 
Ferrum reductum 1 g on glass wool per litre jar 


Optimal sulphate reduction was obtained in 470 ml seawater plus 30 ml sat. 
Na,SO, solution. 

b. Acetate. 0.1 n sodium acetate-acetic acid in various proportions. Optimal 
reduction occurred in Sodium acetate. 

c. Lactate. 0.1—0.2 n Sodium lactate. Optimal reduction at 0.1 n, 

d. Carbohydrate. 

3 g. filter paper, agar, potato starch or alginic acid in 250 ml jars. 


THIOBACILLI 


Basic medium 
Filtered aged seawater with addition of 


NH,Cl 200 mg/l 
KEP O, BOG “ve 
NaHCO, 500 ~,, for anaerobes 
or NH,Cl 200 ,, 
KH,PO, 100 ,, 
KH,PO, 100. ,, for aerobes 
a. Sulphur. 10 g/l rubbed in a mortar with a few drops of cone. MgCl, to promote 


wetting. 
b. Thiosulphate. 0.1-0.5 % NagS,O3. 


Crude cultures were prepared in liquid media, and Thiobacillus thio- 
ovidans was searched for in Waksman’s medium (WAKSMAN, 1932 p. 87) 
at pH 2.0. Other thiobacilli were isolated from the liquid cultures by plating 
on Starkey’s (1934) medium at pH 6.6 and 8.5, and kept as stock cultures 
on thiosulphate agar slopes. 


PURPLE AND GREEN BACTERIA 


The mass cultures were originally derived from rotting Enteromorpha 
transferred to fortified seawater plus filter paper, subcultured on the same 
medium and then twice in succession to thiosulphate-sodium sulphide 
medium and placed in a light cabinet. At this stage, the cultures still 
contained three groups of photosynthetic organisms, green bacteria, purple 
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bacteria and the green flagellate Chlamydomonas. The two last transfers 
freed the cultures from sulphate-reducers and thiobacilli. 
To 3 litres of filtered seawater were added 9 g. NH,Cl and 9 g. NaHCO. 
This stock solution was divided into two equal portions: 
Series A with 5.0 g thiosulphate/l, Series B with 1.0 g thiosulphate 
To 1/3 of A was added 1 g/l K,HPO, (AA) 
leer ee le KELPO, A AB) 
seen Gn) 0.0 el KH,PO, and 0.5 g/l K,HPO, (AC). 


Series BA, BB, and BC were prepared in a similar way. Each 500 ml. 
portion was used to fill four 4 oz. stoppered bottles the Na,S concentration 
varying as follows: 


AAa 0.0133 n Na,S 
AAb 0.0067 n Na,S 
AAc 0.0034 n Na,S 
AAd 0.0007 n Na,S and so on. 


Each bottle received 1 ml. of a mass culture grown on 0.1 % thio- 
sulphate. 

After development, the culture AAa was used to infect a thiosulphate- 
free medium prepared as above, one series containing K,HPO, (I), the 
other, KH,PO, (IL) with varying concentrations of Na,S, as follows: 


ik 0.25 0.0034 N NaS. Series II idem. 
le 0.50 0.0067 N NaS. 
ie 1.00 0.0133 N Na,S. 
i 2.50 0.0330 N Na,S. 
it 5.00 0.0670 N Na,S. 
ik 10.00 0.134 N Na,S. 


In order to vary all three factors (thiosulphate, H,S and pH) over a 
wider range, a third series was infected later with the BAa culture mentioned 
above. Acidities were varied by using mixtures of H,PO, and KH,POQ,. 


Series A. KH,PO, 0.2% H,PO, 0% 
, B. =F,P0, 0.15 H,PO, 0.05 
ee Oe EGLO.” & 6.10 H,PO, 0.10 
» D.  KH,PO, 0.05 H,PO, 0.15 
VE) Ol 0.10 H,PO, 0.20. 


In every series, two bottles contained 0.1 °% Na,S,O3 (T) and two bottles 
were free from thiosulphate (0). Na,S was added to make 0.0067 n (H) 
or 0.0034n (1), making in all 20 combinations, e.g. ATH, ATI], AOH, AOLetc. 

The first cultures showed evident growth after 3 days incubation. 
Cultures on organic media were prepared as follows: 


Tap water 1000 ml. 
Sodium Thiosulphate 1.6 g. 


NaCl 35.0 
NH,Cl 1.5 
K,HPO, 0.5 
MgsoO, 0.2 


with Sodium tartrate, citrate or acetate, 20 g. 


18 Series B 
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This was boiled and cooled in a long necked flask. After cooling were added 
— 0.9 ml. 10% NaHCO, 
1.8 ml. 10 % Na, (final normality 1.5 x 10%) 
to 500 ml were added 3 ml. 10% H,3PO, A 
no addition B 
a mixture of equal parts A & B C 
yielding the following pH values. 


2% tartrate 2% citrate 2% acetate 
A 6.0 6.7 6.4 
B 6.7 | 1.2, 
C 8.8 8.9 8.8 


Algae 
Basic medium 


Filtered seawater, with 


K,HPO, 200 mg/l 
NaHCO, 500 
Soil extract 5 ml/l 


a. for Dunaliella and Aphanocapsa littoralis 
basic medium plus 200 mg/l KNO, 

b. for Enteromorpha and Lyngbya 
basic medium plus 200 mg/l NH,Cl. 


Dunaliella was also grown on a synthetic medium of the following 
composition: 


Distilled water 1000 ml 


NaCl 50 g 
MgCl, 1 
Na,SO, l 
KNO, 0.2 
HBO, 0.05 
NaHCO, 0.5 
KH,PO, 0.2 
Soil extract 5 ml. 
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PHYSICAL CHEMISTRY 


ELECTROPHORESIS OF CHARGED POLYMER MOLECULES WITH 
PARTIAL FREE DRAINAGE 


13 WG 


J. J. HERMANS anv HIROSHI FUJITA *) 


(Communicated at the meeting of January 29, 1955) 


The theory of BRINKMAN and of DEBYE and BUECHE is extended to polyelectrolyte 
molecules in salt solutions, subject to an electric foree. The model used is a porous 
sphere in which the density of polymer segments, and therefore also that of the 
fixed charges, is constant. For the charge density due to mobile ions an expression 
is used which was derived for this model by HERMANS and OvERBEEK on the as- 
sumption that the approximation of DEByE and HUcKEL is applicable. Relaxation 
effects are not taken into account. 

The final result for the electrophoretic mobility is a function of two parameters: 
(1) the ratio B between the molecular radius and the thickness of the diffuse double 
layer, and (2) DeByn’s “‘shielding ratio”’ o. When B > 1 and f > oa, the molecule 
is free-drained. When o > 1 and o > f, the result of the calculation is identical 
with that obtained by Henry for compact spheres. The effect of molecular weight 
on electrophoretic mobility is small as long as o < f and in most other cases will 
not be very pronounced. 


1. Introduction 


In the sedimentation of polymer molecules the hydrodynamic interaction 
between the chain segments plays a very important part. A calculation 
of this interaction for certain molecular models was carried out by 
Buresrs [1]. His treatment presupposes the knowledge of the precise 
location of all the interacting segments. The first attempts to average 
over a large number of segments were made by Kunn [2] and by 
HERMANS [3]. A much more complete treatment for polymer chains was 
given by Ktrkwoop and Riseman [4]. In this theory, as in those of 
Bureers and of Hermans, use is made of OsEEN’s equations [5]: any 
force acting on a volume element of the liquid produces a flow in 
neighbouring elements; it is this flow which accounts for the hydro- 
dynamic interaction between chain segments in different volume elements. 

A different approach to the problem was developed by BrinKMAN [6] 
and, independently, by Drsye and Burcne [7]. The model used by 
them is a sphere of radius R, containing N segments whose density % 
In space is constant: 


(1) v= (3/40) (N/R). 
*) On leave from the Department of Fisheries, Faculty of Agriculture, Kyoto 


University, Maizuru, Japan. 


183 


The flow of liquid outside the sphere obeys the usual Navrer—SToxns 
equations: 


(2) nAui—grad p=0; div a0, 

where 7 is the viscosity and p the pressure. The friction between the 
segments and the liquid inside the sphere is accounted for by a force 
—vfa, per unit of volume, acting on the liquid. Here @, is the relative 
velocity of the liquid with respect to the segments at the point considered 
and f is a frictional factor. Accordingly, the hydrodynamic equations for 
the liquid inside the sphere are assumed to be 


(3) ndui—grad p—vfi,=0; div 7=0. 


In BRINKMAN’s treatment the constant »f is left undetermined until 
the final result is obtained; its value is then derived from a comparison 
with Darcy’s formula for the flow through a porous mass. In the present 
article we will apply the method of Dresyz and Burcue. If required, 
BRINKMAN’s modification could be introduced without much difficulty. 

To find the resistance experienced by the molecule when moving with 
uniform velocity U in the direction of the x-axis, Eqs. 2 and 3 are solved 
with the following boundary conditions: the molecule is at rest, the 
velocity of the liquid at infinity is —Ué, where é, is the unit vector in 
the x-direction; the velocities and the stresses are continuous at the 
surface of the sphere. The final result for the frictional force W is 


(4) W/U =6anRy(o), 
where 

1—Tghoa/o 
(5) v(0) = Tyee —Teho]o)’ 
(6) o = vf R?/n. 


Small values of o correspond with free draining, in which case the 
resistance becomes NfU. For large values of o the molecule behaves like 
a compact sphere and obeys SrToxKss’ law. 


2. Electrophoresis 

Let ¢ be the average charge per segment; then the density of fixed 
charges inside the sphere is 
(7) o=ve. 

This is assumed to be a constant. The charge density s due to mobile 
ions has been calculated by HERMANS and OVERBEEK [8] on the assumption 
that the DepyE-HtcKEeL approximation is valid. According to recent 
calculations by Hayman [9] this approximation is likely to be reasonably 


good. One finds 
(8) s=—o+o(1+f) exp (—f). Shi/t for r<R, 
(9) s=—op (Ch B—Sh £/f). exp (—t)/t for r>fR. 
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We have here used the following abbreviations: 
(10) t=ur; p=xh; 


ry is the distance from the centre of the sphere and x represents the 
reciprocal characteristic length of the Desye-HtcKken theory. In other 
words, if the solution contains n; ions of charge e; per unit of volume 
at large distance from a sphere: 


(11) m= 4 ¥ ne2/e kT. 


The dielectric constant ¢ is assumed to be the same inside and outside 
the sphere. 

For reasons which will become clear below we calculate the total amount 
of charge inside the sphere and will call this the effective charge Sy. It 
is obvious that 


(12) Syp=—Jodr dors = (4uqR9/f2) (1+) exp (—B). (Ch B—Shf/f). 
R 


In the presence of an electric field of magnitude # in the direction 
of the x-axis, the liquid will be subject to an electric force sH2, per unit 
of volume. Consequently, the hydrodynamic equations to be obeyed are 


(13) nAui—grad p= —sHé, forr>R, 
(14) nAu—vfi,—grad p=—sHé, forr<R. 

This assumes that the electric field in the sphere is the same as outside. 
If the molecule has a velocity Ué, with respect to the medium, the 
boundary conditions are the same as in the sedimentation problem. We 
will forego giving the details of the calculation, which would fill several 


pages. Once the solution has been found, the foree W which the liquid 
exerts on the polymer molecule follows from the obvious relation: 


(15) W =f f dra,, 


integrated over the entire volume of the sphere. This foree must be 
equated to the electric force (4/3)7R30H acting on the molecule, and thus 
leads to the following equation for the electrophoretic mobility: 


(16) 7 S[t+ (o,f) ] 


E 1—Tgho/o 
where 
ar) Plo.) = 5 (qth) e* LF (o,f) + G(o,f)] + 
+ §(e-*/B%)(ChB —ShB/6) H (o,f): 
ais) § Flo B= (+4 0%) (108/62) Ch B+ 
+ (o?/62+ 3 o4/f*—1 +4 6%) Sh 6/8; 


(19) @(a, B) = [(o*/6?—1—o?) Ch B + (1—o?/B?) Sh 8/6] Tgh o/o; 
(20) H(o, p)=§ 0" (1+B)—(o7B +14) (1—Tgh o/a). 
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3. Limiting cases 


(a) When o=0 the molecule is free-drained, and Kq. 16 becomes 
U/E = 9/rf, 


as should be expected. In reality this result should be corrected for 
relaxation as in solutions of ordinary electrolytes (DEBYE-ONSAGER), but 
effects of this kind have been neglected in our treatment. 


(b) When we let 6 approach zero and remember the definition of 
o (Eq. 6), we find that 


U__ (4/3)xo R 


EE 62nRy(c)’ 


where y(c) is the function defined by Eq. 5. This result is obvious, because 
the condition 6=0 means that the presence of counter ions is negligible. 
Hence the velocity is equal to the electrical force acting on the molecule 
divided by the resistance factor W/U given by Eq. 4. Case (b) is not of 
practical interest, because the role of counter ions is quite important 
even at extreme dilution. 


(c) When £ becomes infinite while o remains finite the result is 
U/H=o/rf. 


This is physically obvious, because infinite 6 means that the total 
charge density is zero everywhere, i.e., the total electric force on any 
volume element in the sphere is zero. From what has been said at the end 
of the first paragraph in Section 1 it will be clear that under these 
circumstances there is no hydrodynamic interaction. A series expansion 
in terms of 1/6 for o<f gives 
(21) U/H =(0/rf) (1+ $ o%/B2+...). 

Considering the definitions of o and f, Eq. 21 may also be written 

U/E =o0/vf + 20/3nx?. 

When applying this to situations in which the ionic strength x? is 
changing, it should be borne in mind that o/yf remains constant but that 
o will change because the radius of the polyelectrolyte molecule depends 
on x [8]. It must further be noted that Eq. 21 will have practical 
significance only when o? > f (although o</), because it is known from 
the work of OvERBEEK and of Boora [10] that relaxation effects which 
have been neglected in our treatment give rise to a correction term of 
the order of 1/8. For this term to be negligible compared with o?/A? it is 
necessary that o? > f. 


(d) When o becomes infinite, the molecule behaves like a compact 
sphere. If 6 remains finite, Eq. 16 leads to 


(22) z= 5 5 ("1B") (Chp — Sh 6/p). 
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Comparing with Eq. 12 it is seen that this may be written 


6 eae 
(23) E 62nR(1+8) 


This is in complete accordance with a formula obtained by Henry [11] 
for a compact sphere whose electric conductivity is the same as that of 
the medium. In that case the electric field in the sphere is the same as 
outside, and the electric mobility is 


U/H =e«l/62n, 


where e¢ is the dielectric constant of the medium and ¢ the potential of 
the sphere with respect to the medium. It is easy to show that the relation 
between the charge S,, and the potential ¢ in those cases where the 
DresyrE—-HUckKEL approximation applies is 


Ser = Ce(1 + B) Rk, 


showing that Eq. 23 is identical with Henry’s formula. For this special 
case the correction for relaxation effects can be drawn directly from the 
article by OVERBEEK or BootH [10]. 

If in Eqs. 22 and 23 the quantity 6 becomes large compared with 
unity, S.g=270R3/6, and the expression for U/E simplifies to 


(24) U/E =o R?/3nB? = 0/3nx?, 


which approaches zero as x increases. This may be used to decide whether 
or not at high ionic strengths the molecule is at all permeable. For as 
soon as § becomes larger than o we know from Eq. 21 that U/H will 
begin to approach the finite value o/»f, but if o remains larger than £, 


— 


Kq. 24 shows that U/E tends to zero. 


(e) Finally, we write down the expression for U/E in those cases 
where o and f are both large compared with unity. Under these 
circumstances Eq. 16 assumes the form 


5 Ue nal i 
(25) BL) + sm Trapp: 

It can easily be verified that this leads to Eq. 21 when o <f and to 
Eq. 24 when o> 8B. 


Summarizing we can say that in all those cases where the molecule is 
sufficiently permeable to make o<{, the electrophoretic mobility will not 
deviate strongly from the value @/»f, provided relaxation corrections can 
be ignored. Under these circumstances the electrophoretic mobility is 
independent of the molecular weight because 0 is proportional to ». No 
simple rule can be given when o>. In the limiting case of Eq. 24 
(8 > 1 and o>) we may expect that U/E will be approximately 
proportional to M~-:, where M is the molecular weight. This is due to the 
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fact that the charge of the molecule is proportional to M while the volume 
in the presence of excess electrolyte is approximately proportional to 
M". Tn all other cases, however, U/E is less strongly dependent on M 
than in Eq. 24. 


Laboratorium voor Anorganische en Physische Chemie, 
Ryks Universiteit, Leiden. 


After this work was completed we have learned that J. Ta. G. OVERBEEK (Utrecht) 


and D. Sriermr (Amsterdam) have treated the same problem in a somewhat different 
manner with similar results (unpublished work). 
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PHYSICAL CHEMISTRY 


CONDUCTIVITY OF POLYELECTROLYTE SOLUTIONS WHEN 
EXTRANEOUS SALT IS PRESENT 


BY 


HIROSHI FUJITA * anv J. J. HERMANS 


(Communicated at the meeting of March 26, 1955) 


The calculations carried out in a previous article to obtain the electrophoretic 
mobility of polymer ions are used to derive an equation for the conductivity of 
polyelectrolyte solutions. The model used is the same as that of the first paper. 

In section 1 it is shown how the ionic strength figuring in the equations can be 
derived from the stoechiometric concentrations of the small ions. In section 2 
the conductivity is obtained as the sum of two terms, one of which may be said 
to represent the contribution of the small ions. 

The final result is expressed in the parameters f and o, where f is the particle 
radius divided by the thickness of the diffuse double layer, and o is DrByn’s 
“shielding ratio”. When o = 0, or also when f > 1 and f > a, the result for the 
conductivity is in agreement with the fact that under these circumstances the 
polymer ion is free-drained. When o > 1 and o > f, the conductivity is the same 
as that derived from HENry’s calculation for compact spheres. 


In a previous article [1], which will be referred to as (I), we have 
calculated the electrophoretic mobility of a long-chain polyelectrolyte 
molecule in the presence of extraneous salts. The model used was a 
porous sphere in which the density of polymer segments, and therefore 
also that of the charges fixed on the polymer, is constant. The method 
was that of BRINKMAN and of Desye and Burcue. The approximation 
of DeBye and Hicker was used throughout. 

Dr. D. Stierer, Shell laboratories Amsterdam, suggested to us that 
our calculation could be used to compute the electric conductivity of the 
solution, a quantity which is more easily accessible to experiment. The 
following is an attempt to carry this through. Before doing so, however, 


let us briefly consider the meaning of ionic strength as used in the 
calculations. 


1. Lonic strength 


Consider a solution containing n polymer ions per unit of volume, 
each ion having a charge Ze, where e is the elementary charge. If the 
stoechiometric concentrations of low molecular weight ions of charge 
zé 18 a, the condition of electroneutrality requires that 


(1) Dg hy = — Zn. 


*) On leave from the Department of Fisheries, Faculty of Agriculture, Kyoto 
University, Maizuru, Japan, 
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__ Let the concentration of ions of type 7 at large distances from any 

olymer ion be c,. Then, according to the approximation of DepyE and 
HUtckE., the concentration of these ions at a point in the neighbourhood 
of a polymer molecule is 


(2) nm, = (1 — z,ep/kT) 
where @ is the electric potential. We abbreviate 
(3) A=J dt (eg/kT), 


integrated over the entire volume of a single polymer ion and its sur- 
rounding double layer. It is assumed that the double layers of different 
polymer ions do not overlap appreciably. Then, by integrating Eq. 2 
over the entire volume of the solution and afterwards dividing through 
by this volume, we get 


(4) Xt; = 6, = 2,6,NA. 


It is obvious that the Depye-HtcKen approximation is poor unless 
ni <1. Hence, from Eq. 4: 


(5) c¢, = x{1 + 2,nA). 


From the obvious condition that 2;,z,c,;=0, and using Eq. 1, it follows 
that 


(6) Hee 5) (eRe geil ek 
The characteristic reciprocal length x which occurs in the equations of 
the ensuing sections is defined by 
(7) i (Are eC \i(ek el) 
for which we find 


4762 v.23 x. 
8 He [ Sieben in — ‘|. 
co ere 8 le 


In all cases in which the Despyr-HtckeL approximation applies, the 
second term on the right hand side of Eq. 8 is small compared with the 
first. Neglecting this second term one finds that, when calculating x?, 
only the small ions must be included in the summation. This idea was 
introduced by Katcuausky et al. [2] as an assumption which was con- 
firmed experimentally [3]. 

In those cases where the concentration of extraneous electrolytes is 
low, the correction term in Eq. 8 may give an improvement in the calcu- 
lation of x, but it should be borne in mind that the Depy®n-HtcKen 
approximation will become less adequate as the correction term becomes 
relatively more important. 


2. Conductivity 
We define the mobility J; of a small ion in such a manner that 2,1,H 
is its velocity in an electric field of magnitude LH. This mobility will be 
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a function of the ionic concentrations. When the liquid has a velocity 
u in the direction of EB, the velocity of the ion is z,;f+u. Hence the 
contribution of the small ions to the current density at any point where 
the concentrations are ; will be 

eH J, 2z7l,n, + us, 
where 
(9) & = €d,2%,n%, 
is the charge density due to the small ions. Using Eq. 2, and averaging 
over the entire volume of the solution, we find the following contribution 
of the small ions: 
(10) J’ =eHS,21,¢,(1 —2na) +f us dt, 
where the integration, as in Eq. 3, extends over a single polymer molecule 
and its surrounding double layer. With the use of Eq. 4 this may be 
written 


Loh) J'=eH L2lu+n Jf usdr. 


Here the first term on the right is the current density which would 
exist if we could remove the colloid ions, leaving all other ions in the 
solution, provided the mobilities /; would not be affected by the removal 
of the colloid ions. We shall call this contribution Jj. Further, if U is the 
velocity of the polymer ions, we may write u=U-+wu, where u, is the 
velocity of the liquid relative to the polymer molecule. The result of 
integrating Usdt will of course be —UZe and this will exactly cancel 
the contribution of the polymer ion to the conductivity. So, finally, the 
total current density will be 


(12) J=J +n J u,s dt. 


Expressions for the quantity s both inside and outside the polymer 
molecule were derived by HeRMANS and OvERBERK and can be found in (1). 
The values of the relative velocity wu, in the direction of EZ, both inside 
and outside the molecule, were obtained in the calculation reported in 
(I) but were not given explicitly. Since the expression for u, is complicated, 
we restrict ourselves to giving the result of the integration in Eq. 12. 
To this end we introduce the following abbreviations, some of which 
have already been used in (I): 


(13) B=xR, 
where # is the radius of the sphere, and x is defined by Eq. 7. 
(14) o*'=y» f R2/n, 


where y is the density of polymer segments inside the sphere, f the resist- 
ance factor for a segment, and 7 the viscosity of the liquid. The density 
of charges fixed on the polymer is 


(15) 0 =(3Ze)/(4or R3). 
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We further define the following functions: 
(16) A(x)=Ch x—(Sh 2)/z, 
(177) B(x) = (3+ 207) Ch x—3(Sh 2)/a, 
(18) C(o, B)=(Ch 8.Sh o)/o—(Ch o.Sh B)/f, 
(19) D(o, B)=Ch ¢+(B/c) Sho. 


Then Eq. 12 becomes 


(20) J=Iy+ Zen [1 + Fae? Lo, B)], 

where 

(21) L(o,8)=Fo(0,6) + Fi(o,8) + rene? Ff, 8) + LEAT o-0 F,(0, 8), 

(22) Fy mas + oe] [2-8 46) - EP oto, ay], 

es Si fotn y= = Dia ee) As 
ene pi) Cho + (Fe ae ee 


(24) F,(o, B) = Clo, B) {2B exp (B) — (0? + 3/28 + 3/2) ALA), 
(25) Fo, p) = O(0, B) BiB) — = (AF oa 


The function Pc, 6) in Eq. 22 has been defined in (I), where it served 
to express the electrophoretic mobility U of the polymer ion in terms of 
o and f: 


of P(o, B) 
(26) Uo ite al 


3. Limiting cases 
(a) When o=0 the molecule is free-drained, and U=oH/»f as shown 
in (I). It is found that at this limit 


2 o? exp(—f) Lo, f)/B(c)=09. 


Thus Eq. 20 gives the result J,+ZenU as should be expected for this 
case. 


(b) The limiting case in which /=0 is not of practical interest. How- 
ever, as a check on our calculation we have determined the result and 


have found 


where 
> 1—Tgh o/o 
yo) = 1+ (3/2 0) (I—Tgha/s) ° 
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Here again the result can be written in the form J,+ZenU, because 
for this limiting case we know from (I) that 


U Ze 
i 6n Ryo) 


(c) When f becomes infinite while o remains finite the result for J 
is the same as in case (a). This is in accordance with the result obtained 
in (I), where it was shown that at this limit the sphere behaves like a 
freedrained molecule. 


(d) When o becomes infinite, the molecule behaves like a compact 
sphere. It is found that under these circumstances 


where the function A(f) is defined by Eq. 16. This result can be expressed 
in terms of the effective charge S,~ of the sphere, which was introduced 
in (I): 

2+ 8 nE S24 


es 21148)? bank” 


We have convinced ourselves that this result can be derived also from 
the equations developed by Henry for the flow of liquid around an 
impermeable sphere in electrophoretic motion, when the specific conduc- 
tivity of the sphere is the same as that of the medium. 


(e) Finally, let us examine the result obtained when o and £ are 
both large compared with unity. We need not consider the case where 
o<f, because this is the same as case (c): 

(27) J ~J,+Zen (0 E/y f). 

We may therefore restrict ourselves to oS 6 or o ~ f. It is found 

that, asymptotically, for large o and f: 
A(p)=} exp 6; B(f)=o? exp 8; B(a)=o* exp a, 
C(a, B)=3(1/o—1/B) exp (+B); D(a, 8) =4(1+ 8/0) exp a, 


P(o,B) — o% 6428 
1—Tgho/o 38? o+fP ° 


Inserting this in Eqs. 22-25, we find that 


Se eee o? o6+28)] o+2B 
anf B <= ae ee 
CM Ray Said Re oie oe 


F(a, B) = (20/8 + o?/B?) exp (0 + B)/8B, 


4(1+6) 2 _ _ gexp (s+) 
Ripa °° Pale, B) = — Ser 
(ls By _ o o+28 

(B?— o2)2 e? F(a, B) = BB (+p er te, 


The first of these terms is of the order of 1 /B times the other three. 
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Since they must be added to find L(c, 8) we may omit the first term, 
and get 


28 ee eee ely 

oe T= Jy + Zen 1 + 3 [1 — saa. 
Consequently, when co and 6 are of the same order of magnitude, 

the expression for J reduces to that given in Eq. 27. When o is large 

compared with ~: 


J = J, + Zen (oH|vf) (1 + 02/469). 


4. Conclusion 


The conductivity is obtained as the sum of two terms. The first, Jo, 
represents the hypothetical conductivity which would be found if it were 
possible to remove the polymer ions, leaving all small ions in the solution. 
This quantity, therefore, cannot be measured directly. When calculating 
Jo the best way will probably be to insert ionic mobilities l; derived 
from measurements in the absence of the polymer at the same total 
ionic strength as that existing in the colloid solution. This introduces 
a certain degree of uncertainty because the ionic mobilities will be affected 
somewhat differently by the presence of large ions than by that of small 
ones. 

We have not found any experimental conductivities in the literature 
except those of polyelectrolyte solutions in the absence of extraneous 
salt, to which our theory is not applicable. Measurements in the presence 
of salt will be carried out in the near future. 


Laboratorvum voor Anorganische en Physische Chemie, 
Rijks Universiteit, Leiden 
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GEOLOGY 


THE AGES OF THE SERPENTINIZED PERIDOTITES 
OF THE WEST INDIES. I 


BY 


RAOUL C. MITCHELL 


(Communicated by Prof. Px. H. KuENEN at the meeting of March 26, 1955) 


For almost a hundred years, serpentinized rocks have been known in 
the West Indies, yet to this day, we know little about such rocks other 
than petrographic descriptions. 

Scattered throughout the literature of the Antilles are frequent refer- 
ences to serpentines and peridotites, but one searches in vain for any 
detailed, systematic account of these rocks. The question of the age of 
West Indian serpentinized peridotites has been given only passing consid- 
eration, representing but one of the many problems awaiting careful study. 

The present paper aims at gathering and assessing available information 
regarding the ages of the West Indian serpentinized peridotites. The 
author is keenly aware that at this stage, we have little concrete evidence 
upon which to base our conclusions. Any opinions expressed, here or in 
the literature, must therefore be prone to amendment. Until such time 
as intensive regional studies are conducted, judgements can only be 
considered as tentative, and in this spirit, the paper is presented. 


Cuba. Serpentines are found throughout the entire length of the island, 
from Pinar del Rio to Oriente Provinces. The Dutch school of geologists, 
under the inspiring leadership of the late Prof. L. M. R. Rurren, have 
pretty well covered the island in reconnaissance fashion. To date, nine 
monographs of the Utrecht school have been published, and two other 
theses partly worked on, though not yet printed. In 1940 [40] Rurren 
summarized the data on the serpentines of Cuba obtained up to that time, 
using the publications of M. G. Rurren [42], MacGirnavry [22], 
THrADENS [51], and Vermunr [56], as well as those of PALMER [32, 33]. 
Briefly, the conclusions are as follows. 

In northern Santa Clara Province (the name of this Province has been 
changed to Las Villas), serpentines are intruded by quartz-diorite dykes. 
As quartz-diorite pebbles occur in the Maestrichtian Habana formation, 
hence the diorite is older than the Habana, which makes the serpentines 
pre-Maestrichtian. 

In southern Santa Clara, serpentines occur as serpentinous schists 
intercalated within the Jurassic or older schists of the Trinidad Mountains. 
This would argue for a post-Jurassic age, and as the serpentine is compar- 
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able to that of northern Santa Clara, it is presumed to be of post-Jurassic, 
pre-Maestrichtian age. 

In Camaguey Province there is a similar occurrence of quartz-diorite 
intrusions into serpentines, from which the same conclusion as regards age 
is drawn, i.e. pre-Maestrichtian. 

In Habana Province, some 8 km east of Habana, L. M. R. RutreN found 
a quartz-diorite dyke cutting serpentines, and came to a similar age 
conclusion. 

In Pinar del Rio Province, data are insufficient to allow of a dating of 
the serpentines. 

Such is the summary presented by RurreN. Comments can be made as 
follows. 

RurrEN was aware that PALMER was not in agreement with him re- 
garding the above assignments of the serpentines. In 1938 [33] PALMER 
had argued for a younger age, some serpentines being as young as post- 
Miocene. RurtTEN provides arguments to show that in the localities 
mentioned by PatMeER, the serpentines should be termed pre-Giiines 
Limestone age and not post-Giiines as per PALMER. (The age of the Giiines 
Limestone is now taken to be Lower Miocene by BERMUDEZz [4]). Writing 
in 1945 [34] and making no reference to RuTTEN’s 1940 paper, PALMER 
remarked that the serpentines of Cuba were of different ages, an opinion 
contrary to that of Rurren who believed that all the serpentines of 
Cuba — at least those east of Habana — were of the same pre-Upper 
Cretaceous age. PALMER (op. cit.) showed that the ejectamenta forming 
the Tuff series (ranging in age from Neocomian(?) to Middle Eocene, 
according to localities) nowhere indicate such a basic character as to be 
classed as serpentine, from which he concluded that the serpentines are 
genetically unrelated to Cretaceous igneous events, and hence are younger 
than Middle Eocene. PALMER believed that the various opinions expressed 
regarding the age of the Cuban serpentines were due to the erroneous 
assumption that they were all of the same age. He would postulate 
serpentine intrusions during the pre-Lower Cretaceous, pre-Upper Creta- 
ceous, post-Cretaceous, post-Upper Oligocene, arguing that most of such 
intrusions are post-Cretaceous in age. The writer fully endorses PALMER’s 
claim that the serpentine intrusions of Cuba are of various ages, an opinion 
shared likewise by DeGoyumr [7]. 

Since the appearance of Rurren’s 1940 paper, four more monographs 
by the Dutch school have appeared, those of Van WesseM [57], KrrszEr 
[17], Hermes [13] and DEVuEerreErR [8]. Wessem, whose area of survey 
was contiguous to and west of that of MacGiLavry’s, follows the latter in 
giving an Upper Cretaceous age to the diorites, but Werssem could 
determine nothing definite about the age of the serpentines, merely 
stating “*...there is no reason why we should not assume the same age 


as was proved by MacGILLavry in the neighbouring area’, i.e. pre-Upper 
Cretaceous. 
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KEIJZER mentions serpentine outcrops in three sub-regions, and believed 
the age to be pre-Upper Cretaceous, inclining to the view that they may 
have been intruded between Middle and Upper Cretaceous times. HeRmEs 
found no serpentines in his area, but DEVLETTER records tectonic relation- 
ships between the serpentines and the Habana formation. In the south of 
his area, he thought the Habana formation transgressed on to the serpen- 
tines, thus making them pre-Habana in age. However, other Dutch workers 
had inclined to the opinion that the Serpentines were of about the same 
age, or slightly older, than the diorites, which would argue for a post- 
Habana age for the serpentines, assuming one post-Habana diorite intrusion. 
DEVLETTER suggests a compromise — that the serpentines may be intra- 
Habana in age. He tends to agree with M. G. Rurren and VERMUNT 
that the lower age limit is younger than part of the Tuff Series. (DEVLETTER 
regarded the timerange of this Series as Barremian(??)-Aptian to Upper- 
most Cretaceous, but there are divergences of opinion regarding this matter, 
the extremes varying from Neocomian to Lutetian.) 

It is clear that the Dutch workers all incline to the view that the 
serpentines of Cuba are of Cretaceous age, and most probably pre-Upper 
Cretaceous. A close study of the various monographs of the Dutch school 
shows, however, that heavy reliance has been made by each author on 
preceding monographs, and one gains the impression that on occasion, 
perhaps independent judgment has been sacrificed for the sake of presenting 
a ‘united front’. 

Prior to the time the Dutch School began their labours, most geologists 
were agreed that the serpentines were of post-Cretaceous, pre-Upper 
Eocene age, although there was not complete unanimity of opinion. 
Hayes et al. [9] considered the ‘basement complex’, consisting of granites 
and serpentines, to be Paleozoic. DeGoyLer (op. cit.) argued that the 
serpentines of various regions were of several distinct ages, intrusions 
occurring both in Cretaceous and Tertiary times. Lewis [19, 20] believed 
that the first important serpentine intrusion took place during the late 
Oligocence, and thought that the rocks were largely of post-Middle 
Miocene age. SCHURMANN [46] believed that the main serpentine intrusions 
occurred before the end of the Cretaceous and belong to the transition 
magmatization stage from geosyncline to orogen—the syntectonic 
phase. Serpentines occurring in the transgressive Cretaceous-Lower 
Eocene he at first thought might be associated with Middle Eocene 
deformation, but after discussion with TscuoppP, they inclined to the view 
that these serpentines were not true intrusions but rather examples of 
tectonic imbricate structure, although ScHURMANN does not rule out 
entirely a Middle Eocene age. He considered the serpentines as older than 
the granodiorites, which he placed in the post-orogenic phase. Thus to 
ScHURMANN the serpentines belong essentially to the late Cretaceous 
intense orogenic phase, with the possibility of some belonging to the 
syntectonic phase of the Middle Eocene. ScHucHERT [45] prefers to be 
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non-committal on the matter of the serpentine ages but hints at a Middle 
Cretaceous or earlier age. 

PALMER [33] had described serpentine occurrences along the road from 
Habana to Matanzas and near-by exposures. RurrEN [40] examined two 
of the outcrops referred to by Patmer, and concluded that the Giiines 
Limestone, which occurs along with the serpentines, was not in any way 
metamorphosed, and hence the Limestone was younger. Contrary to the 
emphatic opinion expressed by RutrEN, the writer has indeed observed 
dolomitic chips and pebbles within the serpentines at the locality referred 
to by Patmer as K 13.5, road from Habana to Matanzas. RUTTEN was 
puzzled by ‘“‘the occurrence of a very thin layer of poorly porous, white 
dolomite close to the contact’’. In this connexion, one must mention that 
opposed to the classic concept of the magmatic origin of peridotites- 
serpentines, is that of the metamorphic (metasomatic) origin. LONG- 
CHAMBON first proposed such an origin in 1911 |21], and has been followed 
in more recent times by PERRIN and RovuBautT [35, 36], Avias [1], 
Van Bitson [5] SORENSEN [48] and Barru [2]: RouBautt [38] refers 
to an interesting case of serpentines and dolomites in the Kabylie de Collo, 
Algeria, where he writes ‘*. . .j’ai observé sur le bord du sentier et en pleine 
masse de serpentine, un bane d’une puissance d’environ 2m qui montre, 
du toit au mur et sans aucune interruption dans la masse, le passage 
continue (ROUBAULT’s italics) d’une serpentine verte, 4 veinules claires 
caractéristiques, a la dolomie massive exclusive de toute serpentine. Ce 
bane ne présente aucune trace d’action dynamique’’. If indeed serpentines 
be metasomatic products, the instance quoted by RuTTEN need not cause 
surprise. Away from the serpentine occurrences at the above locality, 
the dolomite grades into limestones of the Giiines formation. Other 
evidences of metamorphism are not lacking in the vicinity, presumably 
the result of diastrophic effects taking place in late-Lower Miocene, 
early-Middle Miocene. The writer does not agree with the opinions of 
Rutren regarding this locality, and believes rather that the dolomites 
and serpentines are due to metasomatic (perhaps metamorphic also) action 
during post-Giiines times, i.e. post-Lower Miocene. 

Some 9 km SSW of the town of Bueycito in SW Oriente Province, 
serpentines with typical lateritic soil weathering form a natural oval- 
shaped hollow in a small valley. In the river bed, these serpentines can be 
observed interfingering with andesitic lava flows, andesitic-type breccias 
and greenish calcareous tuffs. Hnwerr and SHANNON [14] and TABER [50 | 
have briefly made comments on this general area from which it can be 
concluded that the andesitic lavas, breccias and calcareous tufts belong 
to the Cobre formation. Typical Cobre is well exposed in the Rio Buey 
south of Rosario, some 10 km away, and by walking the outcrops the 
author concluded that the serpentines are intercalated in the upper part 
of the formation. The indurated tuffs near the serpentines SSW of Bueycito 
could be followed along the strike, where they gradually changed into 
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foraminiferal limestones in which many orbitoidal specimens could be 
distinguished. Some 200m downstream from the serpentines, thick dykes 
of peridotite-type rock show fresh inclusions of andesite and rhyolite. 
It is believed that the lava flows. contemporaneous intrusions, tuffs and 
limestones were here taking place in shallow marine waters, as witness 
the pillow structures of the lavas, well-stratified tufts and foraminifera in 
the limestones. The limestones, which grade into the calcareous tuffs in 
contact with the serpentines, show a relative abundance of Amphistegina 
lopeztrigoi Palmer, which Bermupez (op. cit.) cites as restricted to the 
Lower Eocene, and Kurszer (op. cit.) considers as more typical of the 
Middle Eocene. At this locality, therefore, the writer would argue for a 
Lower-Middle Eocene age for the serpentines. 

In the Isle of Pines, the Sierra de Canada is largely composed of 
quartzitic mica-schists, known as the Santa Fé schists. [9]. Minetailings 
in the Sierra region show olivine-gabbros and hornblende-rich peridotites, 
both of which have undergone extensive serpentinization. 

No outcrops of either rock-type have been found in the Sierra or the 
island, and the writer has seen no such rocks in situ within the mines, 
most of which are now abandoned. Hence, whether these rocks are to be 
considered as cognate or foreign inclusions, dykes, apophyses, perhaps 
even erosion patches, is not known, nor have we any evidence if such 
rocks form larger intrusive masses at depth. On the other hand, the 
writer rules out the possibility of such rocks being ship-ballast. 

The age of the Santa Fé schists is likewise unknown. There has been 
a tendency to refer them to the Palaeozoic, but PaumEr [34] suggests 
they may be metasediments of the Cayetano formation, possibly Jurassic. 

A pre- or post-schist age for the gabbros-peridotites can not be given. 
Extensive faulting of the schists may have allowed postschists intrusives 
to penetrate upwards as dykes, etc., but for all the evidence available, 
such intrusives may equally be pre-schist. Thus, the source of origin and 
likewise the age of these serpentinized olivine-gabbros and hornblendic 
peridotites of the Isle of Pines must remain a problem meantime. 


Haiti. Wooprtxa [64] makes no reference to serpentines in Haiti but 
states (p. 287) ““The serpentine that covers large areas on the Cordillera 
Central of the Dominican Republic may represent altered peridotites, 
pyroxenites or gabbros’’. He found peridotite only in the La Lome valley, 
some 6 km. NE of St. Michel de l’Atalaye, but believed the rock to be 
present in minor quantities throughout the older series. 

BUTTERLIN [6] also only makes mention of the above occurrence. He 
states “Les péridotites sont 4 augite... en partie altérée en serpentine et 
en oxydes de fer’. The Massif du Nord, where the peridotite occurs, is, 
in general, higher than the Cordillera Central and less deeply eroded. 
It is therefore possible that peridotites are present deep within the Massif, 
not yet exposed by denudation. It may also be that in Haiti the magmas 


200 


tend to be basic rather than ultra-basic, for it is indeed true that basalts 
are rare in the Cordillera Central and very common in the Massif du Nord. 

Wooprtine thought the peridotites the same age as the ancient basalts, 
i.e. pre-Cretaceous. On the basis of analogy with the Dominican Republic, 
BurreRLIN considers the Haitan peridotite in the Cretaceous. (But see 
below, especially the Maimon-Hatillo region.) 


Dominican Republic. VAuGHAN, Cooke et. al. [55] noted serpentines 
in the Republic but made scarcely any specific mention, 

WeYL, in a series of publications [58, 59, 60, 61, 62, 63] has given us 
more information about these rocks in the Cordillera Central. Here they 
strike parallel to the structures of both smaller and larger crystalline 
masses. WEYL also noted three small serpentine occurrences in the eastern 
part of the country, within Cretaceous sediments. He contended that the 
peridotites represent the latest intrusive event. 

In the Cordillera Central, the peridotites are of harzburgite type, and 
in hand specimen, all minerals appear unaltered. Fresh peridotites do 
not show any deformation of the ingredients. Peridotites are often mixed 
with flow zones, and in these zones they are altered to serpentine. The 
breadth of the serpentinization is directly related to the extent of shearing 
by tectonic movements. In certain localities the serpentine has been 
completely replaced by harnischflichen. Loma Peguera, east of Bonao, 
is the largest known peridotite mass, with a length of 18 km. and a breadth 
of 5-6 km. Assuming an approuimate contemporaneous period of peridoti- 
zation, WEYL makes three points: (1) The peridotites intrude the Creta- 
ceous tuffaceous series and hence are younger. (2) They are likely to be older 
than the main dioritic intrusions. (3) They are strongly injected and de- 
formed. From this, he deduced that the age of the peridotites is young 
Laramide, at which time also the deformations took place. In reaching 
these conclusions, WrYL was influenced by the opinions of MEyERHOFF 
regarding Puerto Rico (see below), and the writer has indicated [30] that 
the dioritic intrusions of the Cordillera Central can not be indicated more 
precisely than post-Lower Cretaceous, pre-Lower Eocene. 

KoscHMANN and GorDoN [18] mapped the Maimon-Hatillo area of the 
Cordillera Central and mention ultramafic rocks occupying some 50 sq. 
km. here. The ultramafics are classed by them as partly dunites, partly 
saxonites, with all gradations between. They state: “‘This ultramafic mass 
has been referred to as serpentine (VAUGHAN, Cooke ef al) but only a 
small portion of it is actually serpentine, which on the whole is limited 
to a fine network of fractures that cut the rock and to larger areas along 
shear-zones. Nowhere was a large mass of serpentine found’. Wryt, 
like VauGHAN, Cooks et. al., refers to the peridotite-serpentine of Loma 
Peguera, within this area, and the writer has likewise worked here, and 
categorically agrees that both peridotite and serpentine is present. 
(Possibly part at least of this contradiction can be ascribed to the recognized 
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confusion in the nomenclature and classification of igneous rocks.) 
KoscHMANN and Gorpon further state: The ultramafic rocks form a 
sill-like mass, the greater part of which... has been intruded between 
the greenstone and upper sedimentary tuffs of Cretaceous(?) age’. The 
writer would question the intrusive nature of these rocks. For example, 
the contact of the serpentines with the greenstones on the NE side of 
Loma Peguera is a faulted one, with a distinctive shear zone some 20 m. 
broad. Within the serpentines can be seen large fragments and blocks 
of greenstone showing no effects of heat intrusions but on the other hand 
the effects of cataclastic metamorphism are not wanting, and faulted-in 
blocks of greenstone are evident. Nowhere within the regions of serpentine 
is an intrusive contact evident, but invariably where greenstones and 
serpentine are in juxtaposition, the arguments are strong for a tectonic 
relationship. 

In the absence of confirmatory paleontological studies, we may accept 
tentatively an Upper Cretaceous age for the tuffs and greenstones. 
Whether or not the greenstone is an intrusive or a flow is not clear in this 
region, but the tuffs and greenstones seem to be of comparable age. 
The writer would argue that during the Laramide orogeny, the area 
underwent extensive deformation, faulting and folding being equally 
evident. Concomitant and subsequent to the deformation, ultramafic 
massives were intruded along planes of weakness developed during the 
deformation. It is thus contended that the ultramafics are younger than 
the greenstones and tuffs, and as regards the serpentines, the contact is 
a tectonic one, and not an intrusive one. 

Between Seibo and Higuey, in the extreme eastern part of the country, 
peridotites and quartz-diorites occur. The writer has given reasons [30] 
for believing that these quartz-diorites are of Upper Jurassic-Lower 
Cretaceous age. The structure of the area in question is complicated, 
rocks are badly sheared, broken and weathered, but a small dyke, some 
1.5 m broad of harzburgite has been seen penetrating quartz-diorites 
forming a small hill some 10 km NE of Seibo. This would appear to testify 
to a post-Lower Cretaceous age. However, some 2 km south of this locality 
serpentinized peridotites and schistic serpentines occur in highly foliated 
graphitic schists, in which the petrographic and structural characteristics 
argue for a concordant relationship. These graphitic schists 5 km to the 
east of this locality rest with a pronounced disconformity beneath quartz- 
diorites, of character similar to those intruded by the harzburgite dyke. 
Hence these observations tend to argue for a pre-Upper Jurassic age for 
the serpentinized peridotites and schistic serpentines. As seen in the field 
dykes are not the clear-cut, definitive features drawn in textbooks nor 
as uncontroversial as many excellent photographs show them to be. If 
the above-mentioned dyke should, in reality, be an infaulted block or 
inclusion, such would conform more to a pre-Upper Jurassic age for the 
harzburgite also. 
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Jamaica. The report on the geology of Jamaica by Sawkrns [44] has 
formed the basis for all later work on the island. Herein, no specific 
mention is made of serpentines, but the ‘granite and syenite’ and the 
‘Metamorphosed Series’ areas of outcrop were determined to be older than 
late Cretaceous, as the oldest fossiliferous strata lying above these rocks 
were of late Cretaceous age. 

Hit [15] who made the next important contribution to island geology, 
believed that nowhere were there rocks older than Cretaceous, and that 
the granitoid and other plutonic intrusives were of Middle Tertiary. The 
oldest rocks of the island he termed the Blue Mt. Series, of Cretaceous age. 

SrockLEy [49] was of the opinion that the granites and serpentines 
of the Fundamental Floor were of pre-late Cretaceous age, the Upper 
Cretaceous-Lower Eocene Blue Mt. Series resting unconformably on these. 
He believed the serpentines might be the same age as those of Cuba, viz. 
presumably Jurassic, and suggested that the presence of chromite in the 
serpentines of the two islands offered a means of correlation. 

In 1929 appeared an important paper by Mar.ey [25], who made a 
special study of the old rocks of Jamaica. He placed all such rocks in his 
‘Basement Complex’, and regarded the Complex as **... almost certainly 
pre-Mesozoic... it is (also) possible that some of it may be of pre-Paleozoic 
age’. From this publication stemmed the controversies with TRECHMANN 
regarding the age of the oldest rocks. Summarizing the serpentine occur- 
rences in the Kingston district, MarLey says: ,,The plutonic suite in- 
cludes an altered peridotite (harzburgite) which has an outcrop several 
miles long around Arntully and Abbey Green and has been found also in 
the Upper Yallahs valley several miles away to the northwest. It has been 
converted to a serpentine, is much crushed, and has been invaded by 
acidic and basic veins, the former of which have been involved in the 
crush-movements, whereas the latter are uncrushed”. MaTLEY concedes 
that the serpentines and other metamorphic rocks have also been involved 
in later Tertiary orogenic movements, but states that their metamorphism 
is of an earlier date, provisionally assigned to Hereynian times. 

TRECHMANN [52] was of the opinion that the serpentines of the more 
metamorphosed areas south of Blue Mountain may be of Cretaceous or 
later age, and need not necessarily indicate a Jurassic or old basal complex 
age. In this paper, he concluded by saying that the serpentines or green 
serpentine-like intrusions and dykes are not necessarily of pre-Cretaceous 
age, as he had seen dykes of serpentine intruding Cretaceous shales. In 
his 1948 paper [54] TREcCHMANN makes reference to MATLEY who, in 
describing the Upper Yallahs area, had indicated that this Basal Complex 
here is separated from the Mt.Hybla Group (Carbonaceous Shale formation 
of Sawkins, Ricumonp formation of Hrx) of probable Lower Eocene 
age, by the Silver Hill thrust, formed during the Tertiary. A fault separated 
this same strip of Basal Complex on its western side from similar strata, 
according to Marney. However TRECHMANN mentions finding fossil 
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remnants in parts of the limestone and marble associated with the serpen- 
tines, and these fossils are of Cretaceous age. He further adds that the 
fauna indicates a deep-water phase of the Cretaceous. 

In 1940, Mattey [23] admitted that the granodiorite of his Basal 
Complex may be Cretaceous, as well as his Andesitic Group. SrockLEy 
(op. cit.) had said that the rocks of Serge Island estate (in the Kingston 
area) were metamorphosed Blue Mt. Series. TRECHMANN [53] laconically 
remarks thereupon: “What therefore remains of the Basal Complex ?’’, 
This is a somewhat misleading statement for several reasons: (1) Until 
his death in 1947, Maritey never changed his opinions about the age of 
his Complex. (2) Granodiorites and red-weathering andesitic rocks of the 
Serge Island area in no sense comprise all of MartEy’s Complex. (3) 
STOCKLEY indeed found Cretaceous fossils 2134 m. up Blue Mountain 
peak, but the Serge Island rocks are some 16 km. from here, which, in 
the absence of other proof, does not prove a Cretaceous age for the Serge 
Island rocks. MatnEy (op. cit.) had specifically stated that the rocks of 
Serge Island “‘...do not resemble any of the known Cretaceous rocks of 
the island”. Thus TRECHMANN’s remark is scarcely justified, and to this 
day, convincing proof is lacking, one way or the other, for the age of these 
Complex rocks. 

STOCKLEY (op. cit.) had stated that as the basal Blue Mt. Series contains 
boulders and pebbles of granodiorite and serpentine, this “proves conclu- 
sively that these plutonic masses belong to the pre-existing complex of 
igneous rocks and sediments”. SrockLpy would not go so far as MaTLEy 
in the matter of the age of the Fundamental Floor or Basement Complex, 
and would limit himself to saying that the oldest rocks were of pre-late 
Cretaceous age. 

At Arntully, Marrey [25] remarked that the serpentines are “here 
associated with marble, like that seen at Farm Hill’. The marbles, schists 
of the Farm Hill region were thought comparable to those at Serge Island, 
which belonged to Maritry’s Complex. Trecumann [54], in discussing 
the Silver Hill-Farm Hill-Serge Island area, has stated: “On both sides 
of the greenstone belt the metamorphosed rocks merge into and alternate 
with unaltered beds of the Carbonaceous Shale or Cretaceous series’. 
A letter from TRECHMANN, dated July 29, 1952, states: ‘“The serpentine 
mass is seen at Arntully, but at May Hall on the east, the Blue Mt. Conglo- 
merate passes into serpentine material as one gets near it. The pebbles 
are changed into dark green or red serpentine; the Rudist structure and 
Lepidocyclinas are seen in limestone pebbles already becoming ophicalcite 
or serpentinous limestone. A letter dated Sept. 26, 1953 says: “I have 
traced the Eocene Carbonaceous shale conglomerate with Rudist and 
foraminifera limestone pebbles merging into the serpentine of Arntully 
from the SE. The limestone pebbles are ophicalcitised, still showing the 
fossil traces’. The writer had written TRECHMANN asking him to explain 
further the ‘merging’ aspect, and on Oct. 9, 1953: he replied, “As regards 
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the Arntully serpentine. I do not insist that it is all formed out of Eocene 
conglomerate, but the latter certainly merges into it, and the igneous 
pebbles become serpentine and the limestone ones become ophicalcite. 
Some of the serpentinous rock, however, according to CAMPBELL SMITH 
(lately of the British Museum) contains olivine, and he says it has been a 
peridotite. He immediately suggested that the conglomerate was the result 
of denudation of the serpentine, but it is certainly not that. The serpentines 
may be older and may have been rejuvenated and become again intrusive 
and may have affected the conglomerate”. Another letter, dated Oct. 22, 
1953, remarks: “I think the Jamaica intrusives are all Tertiary, possibly 
late Oligocene, but some, especially the Andesites and partly the Serpen- 
tines, are the result of magmatization of aqueous conglomerate of both 
Cretaceous and early Eocene age.... The manner in which the conglo- 
merate merges into igneous material is most disconcerting to the idea 
that rocks are divided into igneous, metamorphic and sedimentary”. 

The views of TRECHMANN agree more nearly with those of Hru, and 
are opposed to those of Marney and HiaHam. TRECHMANN and HILL 
considered the oldest rocks of Jamaica as not later than Cretaceous and 
that the serpentines are of Tertiary age, likely Oligocene. TRECHMANN 
holds that each of the Greater Antillean islands is an independent uplift 
rather than once-continuous, with parts sinking and leaving the remnant 
islands. MatnEY and HiaHam argue that the Complex is at least pre- 
Mesozoic, perhaps even pre-Paleozoic. They thought the serpentines 
were the oldest of the intrusives and form one of the pillars of the Basal 
Complex idea. They also believed that the igneous history of all the 
Greater Antilles to have been very similar and that close geological 
relations existed between all the islands. 

MATLEY’s last publication [24], posthumously edited by F. Raw, adds 
nothing essentially new regarding the serpentines. 


(To be continued ) 


GEOLOGY 


THE AGES OF THE SERPENTINIZED PERIDOTITES 
OF THE WEST INDIES. II 


BY 


RAOUL C. MITCHELL 


(Communicated by Prof. Pa. H. KuENEN at the meeting of 26 March 1955) 


Puerto Rico. A large serpentine mass outcrops in western Puerto Rico, 
trending in a general SE direction from Mayagiiez on the western coast. 
One or two smaller isolated outcrops are found in the coastal region 
south of this city. Earlier workers such as Berkey [3], Husparp [16] 
and MircHext [29], (the serpentines fall within the districts mapped by 
these last two) have little of significance to say regarding these rocks. 
MEYERHOFF [27], a dogmatic adherent to the view that all the older rocks 
of the island are Upper Cretaceous, states: ‘‘During the Upper Cretaceous 
period, a unique series of igneous intrusions known as peridotites invaded 
the volcanic and sedimentary rocks (of Upper Cretaceous age) of south- 
western Puerto Rico. The peridotites were later altered into serpentine. ..”’. 

The writer [31] mentions a fault-contact seen SE of Maricao, where 
the serpentine is in juxtaposition with typical pyroclastics and sediments 
of the area. It was presumed that at the time when intrusions were taking 
place throughout the island, such events being associated with the Carib- 
bean orogeny (= Laramide), a large ultrabasic intrusion welled up in 
the western part. The recognized stronger deformation in this part of the 
island resulted here in developing a fault as the magma was forcing its 
way upward. It was believed that probably the entire northern serpentine 
contact was a faulted one, and that the serpentines were probably of 
Maestrichtian to Sparnacian-Ypresian age. Since writing the above paper, 
the author has made some further studies (in the form of personal notes 
at present) which have a bearing on the serpentines. 

Near Las Marias, some 6 miles north of Maricao, HUBBARD (op. cit.) 
found a limestone within his Rio Blanco series (Upper Cretaceous) con- 
taining Radiolites, Globigerina, Nummulites, Orbitoides, etc. Further west, 
along strike, the writer found in the Atalaya Mountains limestones of 
similar lithologic character containing the rudistids Coalcomana ramosa 
(G. Borum) and Tepeyacia corrugata PALMER, typical Cenomanian and 
Turonian species respectively of Mexico. The Rio Blanco series dips 
southwestward under the Rio Yauco series, which latter are principally 
in juxtaposition with the northern border of the serpentines. The true 
relation of these limestones within the Rio Blanco series is not certain, 
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but if they form integral parts of this series, then its basal Upper Cretace- 
ous age would seem likely. The Rio Yauco series then might very possibly 
be Senonian-Danian. As the serpentines cut across the ‘grain’ of the Rio 
Yauco beds in typical fault fashion, one may presume a younger age for 
the intrusion. 

The writer believes that the following correlations are possible: 


North of serpentines (HUBBARD) South of serpentines (MrrcHELL) 
Upper Rio Yauco series Penuelas shale 
Atalaya-Las Marias Ists. San German Ist. 
Lower Rio Yauco series / Yauco beds 


Upper Rio Blanco series ) 

The San German limestone is definitely younger than Lower Cretaceous, 
for in the Cabo Rojo-San German area, Lower Cretaceous limestones are 
seen lensing out beneath the former. G. J. MrrcHELL, (op. cit.) thought 
the San German limestones were an integral part of this Yauco beds, and 
that the upper Yauco beds may represent also his Penuelas shales. 

In Barrio Rincon, north of Sabana Grande, a fault contact occurs, 
Yauco beds and San German limestones being bent up against the fault 
and brought into juxtaposition with basal Yauco beds (= Lower Rio 
Blanco Series?). North of here lower Rio Yauco and upper Rio Blanco 
strata are in indeterminate (sympathetic fault?) contact with the southern 
border of the serpentine mass. It is surmised that the observed fault 
contact here is the southern equivalent of the one bounding the northern 
border of the mass, and that between these two major fractures, serpentines 
(peridotites) and lower Rio Yauco-upper Rio Blanco beds were uplifted in 
horst-fashion, the injecting pressure of the magma being responsible for 
the fractures. From such field observations, the writer is now inclined to 
think that the time of the intrusion occurred during the interval lower 
Rio Yauco-upper Rio Yauco, which would place the age about Campanian- 
Maestrichtian. No unequivocal intrusive contacts have been observed, 
and the writer believes that throughout, the serpentine contact is a tectonic 
one. It is abundantly clear, however, that much more detailed work is 
required regarding this Puerto Rican serpentine mass. 

None of the islands east of Puerto Rico, likewise the entire Lesser 
Antillean chain, show any indications of ultrabasics or serpentines. On 
some of the islands (from personal acquaintance, the writer may mention 
Antigua, Dominica, St. Vincent and Grenada) loose boulders of ultra- 
basics are to be found close to the coasts, but it is almost certain that such 
represent ship ballast and hence are of no further interest geologically. 


Tobago. Maxwktt [26] has shown that augite-peridotites are the 
commonest ultrabasics in Tobago. Serpentine occurs as isolated masses 
and irregular bodies associated with the peridotites. Serpentines pass 
laterally into peridotite in the northeast end of the island, but near the 
west coast, serpentine occurs as sheets or lenses in coarse peridotite. 
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Serpentines are found associated with both sheared and unsheared 
peridotites. Maxwe tu believes that the process of serpentinization bears 
no relationship either to marginal shearing or to solutions emanating 
from adjacent dioritic batholith, and that the alteration of olivine to 
serpentine likely occurred during the last stages of intrusion of ultramafic 
rocks. 

The ultramafic rocks are stated to be likely younger than the North 
Coast schists (Cretaceous?) but older than the diorites and volcanics, 
as they are intruded by diorite dykes and where adjacent to the batholith 
show the effects of contact metamorphism. MAXWELL seems to consider 
the age of the diorites and volcanics as pre-Maestrichtian, and assuming 
the ultramafics are of a single generation, an age of about early Senonian 
would apply. 


Margarita. Serpentines have been known on this small island for 50 
years and more but only Hess and Maxwetu [12] have attempted to 
determine the age of these rocks. Serpentines and partly serpentinized 
peridotites are the commonest intrusives, forming resistant hill masses. 
The largest body seen is a sill, some 1000 feet thick, dipping 45° to the 
SE. A pre-Middle Eocene age is assigned to the ultramafics, and on the 
basis of MAXwELL’s work on Tobago (vd. supra) a late Cretaceous age 
seems likely. 


Orchila. Apart from Margarita, the only other Southern Antillean 
island in which serpentines possibly occur is Orchila. Srevers [47] appears 
to have been the first to note the unusual geological character of this 
island, and Rurren [39, 41] commented further on this fact. The latter 
refers to a peridotite-serpentine in the samples collected by R. Lupwia 
and reported in StevERs’ paper, but no indication is given as to where 
on Orchila this rock is found. 

RUTTEN (op. cit.) points out the petrologic similarities between Orchila 
and Margarita, but it should be noted that whilst serpentinized peridotites 
are the commonest igneous rocks of Margarita, Rost [37] makes no mention 
of such on Orchila, and there is a question of doubt regarding the 
Lupwic-RuTTEN sample mentioned above. 

Ultramafics, including serpentinized peridotites, are well known in 
the Cordillera de la Costa of neighbouring Venezuela, where they appear 
to be of the same age as the Caracas group, possibly Upper Cretaceous. 
At this time, therefore, if indeed peridotite-serpentine occurs in Orchila, 
this likely belongs to the Upper Cretaceous, but no further age-refinement 
is possible. 


Honduran Islands. On Guanaja (Bonacca) and Roatan islands, lying 
some 40 miles off the coast of Honduras, serpentines are to be found. In 
the former island, these occur as dykes along the SW coast, and in the 
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latter island, several small, isolated outcrops are found in the higher 
interior parts. 

Sapper [43] mentions that these serpentines extend some 450 miles 
westward into Chiapas, Mexico. ScuucuErtT [45] remarks that the serpen- 
tines which are prominent in Guatemala, less so in Chiapas and Honduras, 
are always associated with ‘Pre-Cambrian’ and Palaeozoic formations, 
and as they are nowhere seen in association with Cretaceous, their main 
period of intrusion is to be placed after the Permian and before the Lower 
Cretaceous. The more modern tendency is to place such serpentines of 
Central America in the pre-Jurassic, or at least, pre-Middle Jurassic. 

On Guanaja, one or two small peridotite sills occur within highly 
disturbed slates and phyllites, the sill also showing evidence of post- 
intrusion movement, but of a relatively minor degree. These metamorphics 
are no doubt the so-called ‘Pre-Cambrian basement rocks’ of SAPPER 
(op. cit.) The fresher, less-disturbed condition of the peridotite leads one 
to suppose that the sills are much younger than the metamorphics. 

Serpentine and peridotite inclusions have been noted by the writer in 
small granodioritic stocks on Guanaja, which would lead one to postulate 
a pre-granodioritic age for the former. As already stated [30] the writer 
has suggested a Rhaetic-Lias upper age limit for the dioritic rocks here. 


Conclusions 


Table I shows the age-assignments which the writer would give to the 
serpentinized peridotites of the various West Indian islands. The conten- 
tions of DEGoYLER [7] and PALMER [34] that the peridotites of Cuba are 


TABLE I 


Island Younger than Older than 


M. Jurassic 
Main Island 2. L. Cretaceous 


U. Cretaceous 
U. Eocene 


Cuba 3. U. Oligocene 


Isle of Pines 
Jamaica 
Haiti. 
Dominican Republic 


Puerto Rico. 
Tobago. 
Margarita 
Orchila 


Honduran Islands. 


M. (?) Jurassic 
Senonian 
L. Cretaceous (?) 


ie 
2. L. Cretaceous (?) 


Senonian (?) 
Turonian 
Emscherian (?) 
Senonian (?) 


M. Palaeozoic (?) 


Pliocene 

U. Cretaceous? ? 
Neogene 

Eocene (7?) 


U. Jurassic 
Eocene (?) 


Eocene 
Maestrichtian 
M. Eocene 
Eocene (?) 


Karnic 
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TABLE II 


Intrusions of dioritic rocks Intrusions of serpentines-peridotites 


1. Upper Palaeozoic (?) 1. Upper Palaeozoic (?) 


bo 


Late Jurassic-Early Cretaceous || 2. Late Jurassic-Lower Cretaceous 
E ; 
3. Middle Cretaceous-Lower Eocene | 3. Upper Cretaceous-Eocene 


4. Palaeogene | 


| 4. Olgocene-Miocene 


5. Pliocene 


of several ages is accepted. In the Dominican Republic likewise there 
appears to have been more than one period of ultrabasic intrusion, the 
earlier one presumably contemporaneous with the earliest one in Cuba. 

Table II indicates the periods of intrusion of dioritic and peridotitic 
masses throughout the Antilles. (Data for the diotiric rocks taken from 
the writer [30]). It appears that during the Upper Palaeozoic, late Jurassic- 
Lower Cretaceous and Middle Cretaceous-Eocene times, upwellings of 
dioritic and ultrabasic intrusives occurred, in other words, the trigger- 
action which let loose one type of magma likewise set in motion the other. 
Adequate data are lacking at this time to indicate the relationships and 
time-sequences of the dioritic-ultrabasic magmas: in eastern Dominican 
Republic, the quartz-diorites are older than the ultrabasics, whereas in 
the Honduran islands the converse holds true, but such meagre evidence 
really tells us nothing. 

The questions of the origins of serpentines, a primary peridotite magma, 
metasomatic origin of ultrabasics, associations of peridotite and orogenic 
zones lie outside the scope of the present paper. In passing, we would 
mention only two points, referring to the Antilles. Huss [10] states that 
“a belt of serpentinized peridotite is always present in the most intensely 
deformed zone”. Only in Cuba (exclusive of Oriente Province) does the 
axis of strongly negative gravity anomalies — the axis of strongest 
deformation — coincide with peridotite masses in the West Indies, but it 
is not in this part of Cuba that diastrophism was most intense. Structural 
features and metamorphic grades point to the island of Hispaniola as 
the locus of maximum intensity. [28]. Huss (op. cit.), [11] postulates that 
peridotites are intruded during the first great deformation when the tecto- 
gene is formed, and claims this occurred during the Eocene, likely Upper 
Eocene. Equally powerful diastrophism occurred in pre-EKocene times, 
and further, serpentinized-peridotite intrusions took place before, during 
and after the Eocene. 
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CHEMISTRY 


THE CRYSTAL STRUCTURES OF CHROMIUM SULPHIDES 
BY 


F. JELLINEK 


(Communicated by Prof. J. M. Brsvorr at the meeting of March 26, 1955) 


I. Chromium Sesquisulphide, Cr.S, 

The structure of Cr,S; has been previously investigated by HaraLDSEN 
[1]. He interpreted the powder diagrams of CrSj.45 by assuming a hexa- 
gonal structure (a=3.418kX; c=5.554kX) of the AsNi type, in which 
one third of the Cr sites is unoccupied at random. 

Rtporrr and STeGEMANN [2] observed the (001) reflexion in diagrams 
of Cr,83, which reflexion should be absent, if Haraldsen’s suggestion is 
adopted. Also the (111) reflexion, which Haraldsen actually did observe, 
should be missing. The AsNi structure is built up by hexagonal Ni and As 
layers alternating in the ¢ direction. By omitting every second metal layer 
a Cdl, type structure results. As numerous transitions are known of AsNi 
type structures into Cdl, types, it seems reasonable to expect for Cr,S, 
a structure which is intermediate between the AsNi and the Cdl, type. 
In this structure fully occupied Cr layers (Cr I) and Cr IT layers occupied 
for one third, succeed each other by turns. Between every two Cr layers 
a (completely occupied) S layer is situated. This model predicts the 
observation of both the (001) and (111) reflexions in addition to the 
reflexions given by AsNi type structures. 

A “Norelco” recorder chart of a powder diagram of CrS,,, (MoK«a 
radiation with Ax,=0.70926 A; reflexion angles ? from 3° to 31°15; room 
temperature) was kindly placed at my disposal by Drs. F. K. Lorgerine 
of the Philips Research Laboratories, Eindhoven, Netherlands, who is 
studying the magnetic behaviour of chromium sulphides. 

Most lines (36) fitted the above model (completely occupied Cr I layers 
alternating with partially occupied Cr II layers) with lattice dimensions 
a’=3.428 A; c’=5.551 A, in agreement with HaraLpsen [1]. 

However, fourteen reflexions at low diffraction angles could not be 
indexed with this unit cell. It was tried to interpret those reflexions as 
originating from a super cell, which results if the occupation of the Cr II 
layers is ordered. A good fit was obtained by adopting a super lattice 
with a=a’.j/3 and c=3¢’. 

As only reflexions with —h+k+/=3n are observed the distribution 
of the Cr II atoms is evident at once. 

The final structure is trigonal and can best be described in space group 
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Hexagonal description: Rhombohedral description: 
a=5.937 A; c=16.652 A; cfa=2.805 a=6.524 A; 1=54°8’ 
U=508.4 A’; Z=6 U=169.5 A3; Z=2 


Atomic positions: 
(0, 0, 0; 4/5, ?/3, 7/33 */s» */s» */s) + 


3Cril in 3(a): 0, 0,0 1 Ce lin. l(a): 0, 0,0 
3 Cr i S(b)2-0, 0,47, 1Or. I in ib}: 36 he 
6Cr I in 6(c): + (0,0,z) with 2Cr I in 2(c): + (x,x,x) with 
z=1/6 x="q 
188 in 18(f): + (x,y,z; ¥,x-y,Z; 6S in 6(f): + (x,y,2; z,xX,y; 
y-x, %, 2) with x=7/,; y=0; y.Z,X) with x=4/,; y=" f453 
z= 4 Z="/19. 


This structure, which, in agreement with Bertaut’s prediction [3], is 
completely ordered, is schematically presented in figure 1. Each Cr is 
surrounded by 6 S at 2.42 A, each S by 4 Cr. The shortest Cr-Cr distances 
are Cr II—2 Cr I=2.78 A (between the layers); Cr I—6 Cr I=3.43 A 
(within the layers). The S—S distances are 3.41 A (between the layers) 
and 3.43 A (within the layers) respectively. 

The maximum intensities of the «, peaks (corrected for the contributions 
of the a, peaks) of the observed reflexions were measured from the 
“Norelco” recorder chart. They can be measured much more easily— 
and also more accurately—than the integrated intensities. In the intensity 
calculation the used polarization, Lorentz, orientation, registration and 
temperature factors are identical to those in common powder photographs. 
As a planar powder sample was employed, the absorption factor is pro- 
portional to sin #. The calculated integrated intensities were converted 
into maximum peak intensities by a factor proportional to cos #. So the 
final continuous intensity factor has the form 


(1 + cos?2 #)(sin 3)-+ exp(—B sin? 3/2?). 


The agreement between calculated and observed intensities is good, 
except for the (00/),,. reflexions which were observed to be much stronger 
than calculated; this effect is ascribed to a preferred orientation of the 
crystallites. For the other reflexions 


= Jobs. 


which corresponds to a disagreement factor R of 6 %. 


= 0.127, 


Il. Ferrimagnetic Cr;S¢ 


The structures of chromium sulphides with compositions of about 
CrSj2 Were investigated by Haratpsmn [1] and by WarTaNaBE and 
Tsuya [4]. Haraldsen found a hexagonal AsNi structure for samples 
with compositions of Cr8, 1) to CrS,4,; CrS, 9 was found to be a mixture 
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Fig. la. Schematic pro- 
jection of the structures 
of Cr,8; and Cr,S, on the 
c-plane. The a-axes of the 
hexagonal unit cell are 
indicated by fully drawn 
lines, the a’-axes of the 
sub-cell (pseudo AsNi 
type) by broken lines. 
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of the hexagonal phase and a phase with a monoclinic deformed AsNi 
structure, the latter being the same as was found for CrS,;5 to CrS, 49. 
The unit cell dimensions of the hexagonal phase vary slightly from 
3=3.455 kX; c=5.754 kX for CrS,,, to a=3.442 kX; c=5.746 kX for 
CrS,5. Watanabe and Tsuya found an AsNi structure for all their 
samples. 

Drs. F. K. Lorarrre also kindly placed at my disposal a “‘Norelco”’ 
recorder chart of a powder diagram of CrS,,, (MoKoa radiation with 
Ax,—0.70926 A; reflexion angles # from 3° to 30°; room temperature). 

The 67 observed reflexions can be divided into three groups: 


1. 39 Reflexions can be interpreted by an AsNi type structure with 
a’=3.454 A; c’=5.754 A, in agreement with HaratpseEn [1]. 


4 Reflexions can be indexed with the above unit cell, but should be 
absent in an AsNi type structure. 


bo 


3. 24 Reflexions cannot be indexed with the above unit cell. 


In order to explain the reflexions of group 2 it was assumed that in 
the pseudo-AsNi type structure of Cr;S, completely occupied Cr I layers 
alternate with Cr II layers occupied for only two thirds, analogous to 
the situation found for Cr,S,. 

The reflexions of group 3 could be interpreted on the basis of a super 
cell with a=a’ //3 and c= 2c’; the superstructure arises from the ordering 
of the Cr IT layers, which is in agreement with Brerraut’s prediction [3]. 
The super reflexions with —h+k-+ 8n and / odd are stronger than those 
with —h+k¥ 8n and / even; reflexions with —h+k=3n and / odd are 
missing. 

Some models were constructed based on these intensity relations; by 
far the best intensity agreement was given by the following model: 


Trigonal; a=5.982 A; c=11.508 A; c/a=1.924; U=356.7 A8; Z=2. 
Space group P 3 1 2—(D)). 


Atomic positions: 


1 Cri in l(a): 0,0,0 

LGn Time L (ays, Ale, 0 

Ler Tim Lda As aes 

Le Cr LO ie rye Ser ah, Ye 

2 Cr I in 2(g): 0,0,z; 0,0,2 with z=1/, 

2 Cr I in 2(h): 1/5, ?/5,2; 4g, 2/5,2 with z=), 
2 Cr Tin 2(i): 9/5, 47/5,2; °/5,2/3,2 with z=1/, 
6 


S in 6(2): x,y,z; F,x~y, 2; y-X,X,Z; Y,X,Z; X,x-y,Z; y-x,y,Z with 
x="s; y=0; 2=1/, 
6 S in 6(1): with x=1/,; y=0; z=5/,. 


The structure is schematically shown in figures la and 2. Each Cr is 
surrounded by 6 S at 2.46 A; each S by 5 Cr. The shortest Cr—Cr distances 
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are 2.88 A (between the layers) and 3.45 A (within the layers). The S—S 
distances are 3.45 A (within the layers) and 3.50 A (between the layers) 
respectively. 
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Fig. 2. Schematic projection of the Cr layers in Cr;S, on the (110) plane. The 
€-axis 1s twice as long as the c’-axis of the sub-cell of pseudo AsNi type. For a 
schematic projection of the structure on the c-plane see figure la. 


The maximum peak intensities were measured and calculated as 
described in I. With the exception of the (00) reflexions which again 
are observed to be somewhat stronger than calculated (preferred orien- 
tation), the intensity agreement is excellent: 


> | Lobs. — Leatc. | = 0 077 
> Lome aoa 
which corresponds to a disagreement factor R of 4 %. 
The study of the system chromium-sulphur will be continued. 
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THEORETICAL MECHANICS 


ROTATIONAL MOTION OF A SPHERE SUBJECT TO 
VISCO-ELASTIC DEFORMATION. I 
ys 
J. M. BURGERS 


(Mededeling No. 82 wit het Laboratorium voor Aero- en Hydrodynamica 
der Technische Hogeschool te Delft) 


(Communicated at the meeting of June 25, 1955) 


1. Introduction. — The equations to be developed in the following pages 
have been inspired by some papers by Gotp and Bonpt on the instability 
of the Earth’s axis of rotation and on the damping of the free nutation 
of the Earth +). These authors have pointed out that deformation of the 
Earth’s mantle must have an important effect on the behaviour of the 
rotational motion and can lead to a form of instability, making possible 
important axial wanderings. 

In order to obtain some insight into the consequences of changes of 
form of a rotating body, induced by centrifugal forces, the problem is 
considered here of the rotational motion of a sphere, subject to a small 
visco-elastic deformation. Although data for the nutation of the Earth have 
been used in choosing numerical values for certain coefficients occurring in 
the equations, the question in how far the case is applicable to the problem 
of polar wandering as presented by the Earth, is left aside. 

The problem of the rotation of a spherical or slightly ellipsoidal body 
subject to elastic deformation without time lag has already been considered 
by other authors; in particular we refer to the extensive discussion by 
Kier and SOMMERFELD *). The introduction of viscosity, leading to a 
time dependent deformation, brings an interesting extension. The results 
obtained for this case give a confirmation of Goup’s findings. 


2. Description of the model used in constructing the equations. — We 
consider a body which is of spherical form when not influenced by forces. 
It is supposed that when this body rotates with a constant angular 
velocity m about a fixed axis (for the present: fixed in the body and 
fixed in space), the centrifugal forces produced by the rotation will lead 
to the appearance of a slightly spheroidal form, until equilibrium is 
reached between the centrifugal forces and certain reactions originating 
in the body. For a body of the dimensions of the Earth these reactions 

1) TT. Goxp, Instability of the Earth’s axis of rotation, Nature 175, 526-529 (1955). 

H. Bonpi and T. Goup, On the damping of the free nutation of the Earth, to 


appear in Monthly Notices Roy. Astron. Soc. a 
2) HF. Kiern und A. SomMEeRFELD, Ueber die Theorie des Kreisels (Leipzig 


1897-1910), Kap. VII. § 8, Die Elastizitat des Kreiselmaterials, pp. 598-608. 
16 Series B 
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for a part will be due to gravitational effects. Along with them there can 
be a reaction due to stiffness. The problem whether this should be a 
stiffness of the whole body or stiffness of a mantle only, will not be 
considered; it is convenient to treat the stiffness as residing in the whole 
body. It will be assumed, however, that along with this stiffness there is a 
certain viscous reaction, of such nature that in the long run it will lead 
to a complete relaxation of the stiffness. Various types of coupling between 
stiffness and viscosity are possible, and in order to have a definite example 
before us a model has been chosen of the type indicated in fig. 1. 


G 


Fig. 1. Mechanical model indicating the coupling of elastic and viscous reactions. 


In the diagram the ‘forces’? P represent the centrifugal forces, which 
are considered to be directly proportional to w*. For simplicity we take 
Paar. 

The increase in distance between the points S, and S, stands for the 
difference 4 between the moment of inertia of the resulting spheroidal 
body about its polar axis and the moment about an equatorial axis. 
The internal reactions called forward by the deformation are represented 
in the model by the two springs G, and Gy. When application is made 
to a body like the Earth, G, may represent the effect due to gravity and 
G, that due to stiffness. In series with G, there has been introduced a 
mechanism allowing slip, representing the action of viscosity. With the 
situation chosen in the diagram, complete relaxation of G, is possible. 
Other models can be taken, and it may also be assumed that part of the 
action of G, represents a form of stiffness, not subject to relaxation by 
viscosity. 

To find the relation between A and P=«?, we divide P into two parts 
P, and P,, corresponding to the two springs. The part P, will simultan- 
eously produce an extension A’ of the spring G, and a displacement A” 
of the piston in the cylinder of the slipping mechanism, so that 4 — A’ +A”, 
We then have the following equations: 


Pr=G.A: P,=G,A’ =n(dA" |dt); 
P=P,+P,; d=A'+A". 
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From these relations one deduces the following differential equation for A: 


(1) wee A GAS Pye 
2 


In a case where P=? would have been zero for t<ty, the solution 
of the equation is given by: 


(2) co? (t) G3 Oreos 
O= GG, * 7G4Gy J dee LOND); 

with 

(3a) A = G,G,/7(G,+G,). 


To shorten notation we shall write: 
(3b) VG=c; 
(3c) G/(G,+G,)=B; G/(G4,+G,)=1-£. 
Formula (2) then takes the form: 


(2a) A=(1—f)o Ei) Bleide Cy nen), 
to 


With a constant value of w?, acting from ty= —oo, these formulae 
would give: 
A= a we. 


This is the equilibrium value, for which G, is the only controlling factor. 

When @? should act only from t=r until t=1+dt, with the value 
w(t), and is zero afterwards, we shall have for t>r1-+dr (practically : 
for’ y=): 


(4) 0A=Plo e~*"—™ qs? (x) dt. 


It will be supposed that the deformation is such that it does not change 
the mean moment of inertia, which will remain equal to a fixed value J 
(the moment of inertia of the original sphere about an arbitrary axis). 
When a difference A has been generated, the polar moment of the 
spheroidal body will become J+2A/3 and the moment of inertia about 
an equatorial axis J—A/3. It is assumed that A is small compared with 
J. If we suppose that the sphere is of the size of the Earth and take 
A equal to the difference C—A as found in the Earth, we have 


A|J ~ 1/306. 3) 


3. Equations of motion for a body subject to small deformations. — Equa- 
tion (4) will be applied to the case where the axis of rotation is wandering 
with respect to the body. Before we can do so, it is necessary to consider 
the Eulerian equations of motion. 


3) This value is given by H. Jerrreys, The Earth (2nd Ed., Cambridge, 1929), 
section 12.22 (p. 210). 
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It will be supposed that it is always possible to connect a rectangular 
system of coordinate axes with the body, in whatever way the latter is 
deformed. For this purpose we assume that a fixed point is marked some- 
where on its surface to serve as a nominal pole, while another point of 
the surface can serve to determine a zero meridian in connection with 
this pole. We further assume that it is always possible to find the centre 
of mass of the body. We then take the Z-axis from the centre of mass 
towards the pole, the X-axis in the zero meridian plane perpendicular 
to the Z-axis, and the Y-axis perpendicular to the Z- and the X-axes. 
This system of axes constitutes a rigid auxiliary body without mass, 
having a definite motion about its origin. The actual, nearly spherical 
body closely follows the motion of this system, but for the small displace- 
ments connected with the deformations to which it is subjected. 

By introducing another set of axes, fixed in space and coinciding 
with the system OX YZ at the instant ¢, we can define: 

(a) the components of the instantaneous angular velocity of the 
system OX YZ in space, to be denoted by @,, 9, @s; 

(b) the components u, v, w of the instantaneous translational velo- 
cities of all elements of volume of the body. 

From the latter we calculate the components of the angular momentum 
of the body, by means of the formulae: 


h,= Xdm (yw —zv) 
(5) h,= Xdm (zu—xw) 
h,= Xdm (av—yu). 


All values so obtained refer to the instant f. 

At the same instant we calculate the moments and products of inertia 
A, B, C, D, EF, F of the body with respect to the system OXYZ, with 
the formulae: 

(6) {A= adm (y? +2?) 
| D=Xdm yz, ete. 


These quantities will be slowly varying functions of the time. 
The components hy, hg, hg satisfy Euler's equations: 


dh,/dt + @ghs — Wghy=0 


(7) dhg/dt + oh, —a@hz=0 
dhs/dt + why — eh, = 0. 


We can now define three quantities 0,, 4,0; by means of the equations: 


h,= A6, — F6,— H0, 
(8) hy = BO, — D0, — F6, 
hs = C0,— E0, — D6, 


which can be solved for 6,, 95, 83 as soon as fy, hy, hg are known. If the 
body were rigid, these quantities would be equal to «,, Wg, (3, respectively, 
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In general there can be certain differences, so that one should write: 
0,=0,+%, 
(9) y= Wy + Xp 
03 = W3+ x3. 
However, in view of the slowness of the deformations and of their small- 
ness, we can expect that », x, x3 will be very small compared with 
1, @g, 3. In the calculations x,, x5, x3 therefore will be neglected entirely. 
We shall come back to this point in section 10, where it will be attempted 
to estimate the error involved in this procedure. 

With this simplification equations (7) and (8) obtain the form of 
the ordinary Eulerian equations for the rotation of a solid body, but for 
the fact that A... F must be treated as slowly varying functions of 
the time. 

Transformation formulae for the moments and products of inertia, corre- 
sponding to a change in orientation of the system of coordinate axes. — 
When two systems of rectangular coordinates are related by the equations: 

T= 04% + PYo + V1% 
(10) Y = XX q+ Poo + Vor 
Z= Xg%y + P3Yq + Y3%os 
the corresponding formulae for the transformation of the moments and 
products of inertia are: 
A =o Ay+ fi B,4 ViCo — 2048, Fy — 2047 Hy — 2Byy Do 
B= 3A, + fByt+ y2Cy— 2X fo Ko — 2x972H — 2Byy2Dq 
C= 034+ fzBy + 3Co— 2X 3f3Fy — 2a573Hy — 2B57/,Dp 
D= — b%3Ay — Bofh3By— yoy30 + 
+ (fg + %3B8o) Bo + (Xoy73 + 972) Hy + (Bos + B3Y2)Do, 


(11) 


etc. 


4. Moments of inertia and angular momentum of a nearly spherical body 
subjected to deformation, when the axis of rotation is wandering. — Suppose 
that during the period from t=7 until t=1+dzr the components of the 
angular velocity, with respect to the system of axes OXYZ, have the 
values «,(T), w(t), w,(t). A difference is generated between the moment 
of inertia about the instantaneous axis of rotation and the moment 
about an equatorial axis, as given by (4). This means that an extra moment 
of inertia is generated about the instantaneous axis of rotation, of 
amount 264/3, while moments of inertia of amount —6A/3 are generated 
about two mutually perpendicular axes in the equatorial plane corre- 
sponding to this axis of rotation. If we take these axes as the axes Xp, 
Y), Z) of formulae (10) and (11), we obtain the following amounts for 
the changes introduced into the quantities A... F: 

6A =(y,—3)04 0D = —y73 0A 
(12) 6B=(y,-3)0A = 6B = — yyy, A 

6C=(y;—3)0A OF = — yyy. 0A, 


224 


where: 


Y= 0,(t)(O(T); Yo=O9(t)/O(t); p= s(t) /@(T), 


with w?=a?+@%+%. These formulae are valid for >t, when we use 
formula (4) for 6/4. 

When the history of the rotation is considered for all instants rT, 
similar changes will be called forward in the values of 4... # by all 
intervals dt of this history. We suppose that all these changes are so 
small that they can be superposed by simple addition. Having regard 
to the undisturbed values: A= B=C=J; D=E=F=0, and also to the 
first term of (2a), which represents the effect of the rotation present at 
the instant ¢, we obtain the following expressions for the moments and 
products of inertia at the instant ¢: 


t 
A=J +(1—f) o(w?—4 w?)+fdo J dr e-*"-™ {@, (tr)? — 4 w(t)}; 


(13) igs aed eat 
D=—(1—8) ow, w,—Bio f dr e~*"~” ws (4) g(t), 


etc. 


It is assumed that no other causes of deformation have been effective. 
Should this be otherwise, then extra terms will make their appearance. 
We shall return to this point in sections 7-9. 

Application of formulae (8), in which we replace the 6; by the ; (thus 
neglecting the ~;), now gives: 


h,=Jo,+3(1— 6) ow*@,+ 
t 
(14) + Bao J dre~*"—® [any (t) {004 (t) 4 (1) + g(t) g(t) + 5 (t) © (t)} — 


—$ @, (t) o(t)*), 


ete. 


These formulae must be substituted into Euler’s equations (7). 


5. Small oscillations of the axis of rotation about a fixed direction. — Since 
the equations become nonlinear when we introduce the complete expressions 
for hy, hg, hg, it is useful to look for cases where approximations can be 
applied. We first investigate whether small oscillations of the axis of 
rotation will be possible about a direction fixed with respect to the 
system OXYZ, in such a way that @,, w,, ws never differ greatly from 
certain constant mean values @,, @ , 3. Since we have supposed that 
the deviations from the spherical form are small and do not influence 
the mean moment of inertia, we can assume that w=; +a;+o% will 


remain constant with a high degree of approximation. Under these 
conditions we may further write: 


(15) 04 (t)004(T) + @g(t)er9() + cs (t)o9(t) ~ w?, 
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with very little error. The expressions (14) for hy, etc. then become: 


> 


t 
(16) hy=J,, 0, + Bhow? f dr e-*#-* oy, (z) 


where 
J.=J + (—f)ow?. 


Provisionally we will assume that under the integral sign the values 
of «,(t) ete. may be replaced by the constant mean values @, etc. This 
supposition will be dropped in the next section, which will bring a more 
correct treatment; for the present, however, it gives: 


(17) hy=J ,0,+ Powa,, ete. 


This approximation becomes more accurate when J has a smaller value, 
which is the case when 7 is very large, meaning that the relaxation is 
extremely slow.—Euler’s equations now take the form: 


J do, /dt = Bow?(Gs — G30.) 
(18) J ,.da.(dt = Bow?(G30, — O10) 
J ,.ds/dt = Bow?(GH»_— Gy). 


These equations immediately give: 


(19a) wo? =a +o; +2=constant; 


19b O11 + DoH + Oo. = constant. 
gbooa fl Aes 373 


Having regard to the meaning of the vectorial product appearing on 
the right hand side of equations (18) and writing: 


(20) W,=0,+0,, etc., 


it is easily seen that the time derivative of the difference vector 6 is a 
vector of magnitude (fow/J,.) times 6, directed perpendicularly to the 


vectors @ and 6. It follows that the vector wm describes a cone around 
the vector ©, with the angular frequency: 


(21) y= Pow /Jy ~ Bow J. 


As observed before, ow? is the difference between the polar and the 
equatorial moments of inertia which would appear if the spring G, (or 
the mechanism for which it stands) is the only restoring force. We shall 
write (C— A), for this difference. Since neither Ay, nor Cy will differ much 
from J, we find: 

(C-A)y_ _G@g_, (C-A)o 

Ay G,+G, Ay 


(21a) y= pw 


If we assume G, to be very large, our body, for which we have already 
assumed a very large value of 7, will almost behave as a rigid body, 
although in the infinite period of time which has elapsed before the present 
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moment, it has acquired the spheroidal equilibrium form. Formula (21a) 


then becomes: 
(C—A)o 
(21b) oT la ae 
which is the well known formula for the nutational frequency of a com- 
pletely rigid spheroidal body with moments of inertia Cy and Ap. 

On the other hand, when G, is not very large, the frequency is smaller. 
In the case of the Earth there is a period of 14 months for the nutation, 
giving v/w ~ 1/427, whereas (C—A))/Ay ~ 1/306. This value of »/@ is 
obtained when we make f ~ 0.7, giving G,/G, ~ 7/3. 

Results of this nature have been applied to obtain an estimate of the 
mean rigidity of the Earth, for which the reader is referred to JEFFREYS *). 


4) The Earth, sections 13.1-13.2 (pp. 232-239), and section 14.426 (p. 267). 


THEORETICAL MECHANICS 


ROTATIONAL MOTION OF A SPHERE SUBJECT TO 
VISCO-ELASTIC DEFORMATION. _II 
BY. 
J. M. BURGERS 


(Mededeling No. 82 wit het Laboratorium voor Aero- en Hydrodynamica 
der Technische Hogeschool te Delft ) 


(Communicated at the meeting of June 25, 1955) 


6. Continuation. — We shall now attempt to obtain a somewhat better 
approximation, valid when 4 is not quite small. We return to (16) and 
substitute: ,=@,+6,, ete., G, G, Os again being constants, whereas 
01, 02, 63 are small variable quantities. We then obtain: 


t 
(22) hy=J 4 O, +5, 6,+ Blow? f dr e-*- 6, (2), ete. 


where 
P 
I xx =I +3500 =J + Bow?. 


These expressions will be substituted into Euler’s equations, with 
neglect of squares and products, etc., of the small quantities 6;. If for 
shortness we write 4,=dé,/dt, etc., we find: 


t 
J, 6, + Blow? 6, — Bow? (G.65— G30.) — BA2 ow? f dr e~4#-” 6, (4) + 


(23) 
+ Blow* f dr e~*"*-” (6,63 — 36.) = 0. 


—o 


We can eliminate the integrals from these equations by applying the 
operator d/dt-+-i, which leads to the following result: 

(24) J 54 +S spuds = Bow?(Bob5—Bqb.). 

This equation can be integrated with respect to t, which finally gives: 
(24a) [Jb 49 24ld,— Boor @n0,— 309); 

\ with two similar equations. 


It will be seen that eqs. (24a) reduce to eqs. (18) when 4 vanishes. 
The new equations likewise give rise to a motion with a frequency 
v= Pow?/J; this motion, however, is now damped according to the factor: 


(25) exp (—At) 
(we can replace J,,/J, by unity). The amplitude decreases to 1/e of its 


original value after m periods, where m is given by: 


7 aa hae 
(25a) = een 


If m is known, we find: 


Although the coefficients 7 and G, used here refer to the model indicated 
in fig. 1, their ratio is the same as the ratio that must exist between the 
viscosity and the modulus of rigidity of the spherical body. If we use 
the data valid for the Earth: J/aw?=306; 27/w=86400 sec; G,/G,=3/7; 
mean modulus of rigidity = 1,7. 1012 dyne/cm?,®) and take GoLp’s estimate 
for m, viz. ca. 10,8) we arrive at a viscosity of 1,9.10°° dyne cm~ sec. 

It should be observed that eq. (24) also admits solutions with arbitrary 
fixed values of 6,, 59, 63. Hence according to the model considered here 
the body has the same type of stability (or lack of stability) as has an 
ordinary rigid sphere. 


7. Effect of a small change of the moments of inertia produced by other 
causes. —It is of interest to investigate the effect which will be produced 
by a change of the moments of inertia due to other causes than the 
centrifugal force. In order to have a simple particular case we add to 
A an amount +a, and to B the amount —a, leaving C' unchanged (see 
section 9 for a more general case). These additional amounts, which will 
be supposed to be very small compared with J, shall have fixed values 
with respect to the system of axes OX YZ; they will be considered as 
independent of the time and not subjected to a gradual decrease due to 
relaxation or other viscous phenomena. 

The amounts +a, —a, 0 have to be added to the expressions (13) for 
A, B,C, respectively; D, E, F are supposed not to change. The expressions 
for h,, etc. as given by (14) then obtain extra terms 


+aw,, —aa,, 0, 
respectively. 

We can no longer suppose that @,, @s, @3 will describe small oscillations 
about fixed values @,, @, @,. We therefore try to find a solution in which 
the latter quantities are slowly varying functions of the time. We can 
expect the speed of their variation to depend on the ratio a/.J, which 
can be made as small as we please; hence we are at liberty to assume 
that this speed is small even in comparison with 4. This will make that 
the changes of 1, @:, 3, and thus the polar “wandering”, will remain 
small during the interval t—r for which the function exp [ —A(t— t) | differs 
from zero. Under these circumstances it is possible again to make use 
of the approximate equation (15), while also in this case we can treat 


°) The Earth, section 14.426 (p. 267). Jerrreys gives a larger value for the 
viscosity; it is not quite clear what model has been used and apparently the factor 
G,/G, occurring in the formula of the text above is absent from JEFFREYS’ formula. 
*) T. Goup, Nature 175, 526 (1955). 
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w* as a constant. We then obtain: 


/ t 
hy=(J,4+4) ©, +Bdow? f dr e-*t- @, (T) 


—co 


t 
(26) (hg=(J,—@) y+ Bhow? f dr e-4t-9 @»(T) 


t 
hs=J,, 3+ Plow? f dr e~*"-” a(t). 


When these expressions are substituted into EuLER’s equations, the first 
one of the latter takes the following form: 


t 
(J, +4) @,+ Blow? w, +405 03— B22 ow? f Ones”) 1 (z)2e 
(27) ond 


+ Bhow® | dt e~*"*-®) Fey, (t) w(t) — w(t) @(t)}=0. 


Application of the operator d/dt+A leads to: 


(J. +4) O1+(J,4 +4) Ad, + daw, w3+ 
(28) Cewiae Segre 
+ Bhow* J dr e~*"— fy (t) w3(t) — @g(t) Wg (t)}=0. 
Here we have neglected the terms ad w,+aa.@ 3. These terms, like the 
one which is retained, viz. jaw, 3, already are very small through the 
presence of the factor a; however, @, is of the order 6,, that is, of the order 
702, Which is small in comparison with Aw, on account of the smallness 
of 6,. We make a further simplification by observing that in view of the 
smallness of @, and @, it is not necessary to be very precise about the 
values of w,(t) and w,(t) in the integral. We shall write: 


t 
Af dve**- &, (tr) =G(t) etc., 
which means that we replace w, etc. by mean values from which the 
nutation has been eliminated. We then arrive at the following result: 
(29) { (Fe +)O,+ SF xx + @)Ad, + Adams + 

Finally we substitute: w,=,+06, etc. We shall neglect (a) the second 
derivatives @1, @s, @3; (b) the products of a with , and @,, etc.; (c) the 
contributions depending on 4,, 6,, 6, in the term Aaw,w,. Equation (29) 
then reduces to: 


(30) { Fgby +I exM(b1 + By) = 
| = Pow®{Gobq — Gabo} + Bow?{Gy6i3 — Dgido} — Aad. 
8. Continuation. — Apparently we can satisfy equation (30) with its 


two companion equations if we assume that 06,, 6), 63; @,, ©), @; are the 
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solutions of two separate systems of equations. The first system will be: 
(31a) J 4, +I 4445, = Bow?(Gab3 — 035g) 


with two similar equations. This system is the same as the system (24), 
since we may treat @,, @), ®, as constants during a few oscillations of 4,, 
de, Oo. 

The second system has the form: 


Bow? 


A pe Oy = (@_Mz — 030g) —ADeWs 
2 Bow. es Ee 
(31b) J a» O2 = 7 (@301— ©,@3) —AD1 Oz 
2 DAGD pele ved re oe Stee ee 
J xy Og = B 7 (@1@_— @_@ 1) + 2AG,Hg. 


From these equations we obtain: 
(32) OO, —- Oy eae O03 — QO. 


The equations can be solved for 6,, 5, @3; we find: 


2024 62 aay= 
fae. Gia ee ee 
» @y(203+ GF 
(33) J ‘G22 5 ine 
. 7) aS 
where 
(34) D=14 2/22, 


We can eliminate ©, by means of the formula: 


since w is independent of t. This leads to the equation: 


(35) dO, —@,(w* + @ — 3) — (A/v) 0 Vo* — 0? — 2 


Wy + @(w* — @} + &3) — (A/v) Gyo Vo? — a? — a2 


which can be discussed graphically with the aid of a diagram as indicated 
In Hge:2, 

It is found that motions which start with finite values of @, and @, 
finally end in: 


= OF @=—w; GW=G,=0. 


This is true even if initially @; ~ w, with very small values of @, and 
@ . In such a case there would be a large “polar wandering’, connected 
with the fact that for a body with moments of inertia 


J+a, J—a, J 


the Z-axis is an unstable axis of rotation. 
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‘ Serene ae , : 
W hen A/vy=1/20m is small, an approximate solution for the case where 
the initial value of @ 18 zero can be obtained from the equations: 


J y o anes 
\ a Oi = O10 


-o — 
= — Wj Ws. 


Fig. 2. Diagram illustrating the solution of eq. (35). The heavy drawn curves 
represent: 
I: 6; =0 (dd,/dd, = —@,/a,); Lao, /di— 0's IIL: da,/dt = 0 

(in constructing IT and III, the value of A/y has been taken as approx. 0.7, in order 
to prevent that the curves would almost become coincident with the @,- and @,- 
axes). —The value of d@,/dé, is negative in the domain which is hatched. The 
curves a, b, c, d represent a few solutions (trajectories) of the equation; these 
curves, however, have only been sketched by hand and have not been calculated. 
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A solution of these equations is: 


= en oe teks i 
O1=O TT any? Ps Temi? 


with 
(36) i 


These expressions bring into evidence the time scale of the motion, 
which is of the order: 


Since this result is independent of the value of ow?, it follows that the 
equatorial belt of matter produced by the centrifugal forces in a body 
of the kind considered here (the equilibrium form of the body being a 
sphere) does not give any contribution to its secular rotational stability. 

As we have seen in section 5, the presence of this equatorial belt gives 
a certain amount of stability for oscillations of short duration, leading 
to the nutational frequency » determined by (2la). The fact that this 
formula contains the factor G, proves that this stability is due to the 
presence of a mechanism which prevents immediate complete adjustment. 
The nutational frequency disappears both with G,=0 and with »=0, 
which would make A infinite and reduce form. (16) to 


heed 5 4t,, etc. 


The speed of “polar wandering” given by (36) is in conformity with 
Goup’s assertion that the rate of movement has to be 1/m-th of the 
angle « of deviation between the axis of the figure and the axis of rotation 
per 306 days. 


9. Formulae for an arbitrary change of the moments and products of 
inertia. — It is supposed that the values of A... F given in eqs. (13) 
are increased by small amounts a ... /, respectively, which are considered 
to be independent of the time. 

The following terms must now be added to the values of h,, ho, fis, 
respectively, as given by (14); 


to hy: +aa, —fo, —ews, 
(31) hy: +ba@, —dw, —fa, 
he ‘ + Cx — EW, — dip. 


Equation (15) remains valid. 

The values of i,, etc. as given by (16) must be increased by the same 
amounts as mentioned above. 

In order to arrive at the equations of motion, with neglect of quantities 
which are unimportant for the main features of the result, we shall follow 
a slightly different course from that taken in section 7 (it has been verified 
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that, when applied to the case of section 7, we again arrive at eq. 30). 
We immediately substitute = @,+ 0,, etc., as mentioned before. Having 
regard to the slow variation of @,, etc. we shall write: 


y(t) = @(t) — (t— 7) y(t) +04 (2), 


which expression is to be used only for an interval t—t of order 1 /A or 
smaller. The integrals can then be evaluated, giving: 


t 5 
AJ dte**— w(t) =a, (‘)-S +4 J dre 6, (7), 
so that, e.g.: 
f a. 
(a=J (@,+ 6;) +a@, — fO,— ed, 4 Bow? 6, —P%2 oe 


(38) ‘ t 
/ + BAsa® | dre 48—? 6, (zr), 


— co 


Here we have neglected the products of the quantities a, ...,f with 
01, 02, 03. We shall also neglect products of these quantities with ,, ,, 
3; we neglect quantities of the second order with respect to 6,, ..., Os; 
and finally we neglect the second derivatives &,, &, 33. When use is 
made of the abbreviations: 


\ s,= Te {(b —C) O20 3+ e@, Oy —fO, G3 +d(G2— 3) 

- 1 Be Pare sees = = 

(Sg = a {(C—@) ©, 3+ fi, @,—da, Dy + € (3 — 2) + 
1 = ee th = ade 

(s,- =— {(a—b) 6,6,+da, D3 — ED, Oz + f (@}—@3)}, 


EULER’s equations become: 


J, Oy +d ,, 81+ plow? 6, — Bow? (Gz 63 — Wz 65) — 


. t . 
(40) — (Bow*/A) (@2 G3 — 03 Wg) — J, Sy— BA?ow? f dv e~*"- 6, (t) + 
4 —00 


t 
+ Blow? f dr e-*"'—” (,63 — O35) = 0, 
etc. 
Application of the operator d/dt+4 reduces this to: 


J, bt I a 1 (6,+6,)= 


41 : ee 
Oe = Bow? (203 — G3 0g) + Bow" (Gy H3— D3 Dy) +AS 4 4S, 


and two similar equations. 


Again we can separate the parts referring to 6, and @,. For 6, we obtain 
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eq. (31a), where as eqs. (31b) are changed into (J, has been replaced by J): 


A 
NB es ce Pe 


. ow? pen as a Gas t 
ie = poor (Do@3— Wz Bq) +d Sy 
jy — i (@s Wy =< @, @s) at i 


(42) 


i Be Le (@, Gy — @_ Wg) +d Se. 

Since we can easily verify that: 

(39a) 0S; + OS, + GS, = 0, 

it follows that eq. (32) again holds: 

(32) O01 + Doldy + Bgtd3 = 0. 
Equations (42) can be brought into the form: 


a ee: ’ 5.6.=8 
@,+ Pe M3 W,— le Wo Og = 1 
— i, &, + += eee 
rt) L a — 
(42a) fg 8 OL RS age he re 
v —s 


—a 7 
+75 @, ©1—7, 1 @,— @3=Ss. 


They can be solved for @,, @, @3, giving: 


=. Fi se 


Aw ho 
xD eo Bas 
(43) D 6.= as OS, +oa=7 O83 
ee re 


with D=1+ ?/22 as before. 

Although these equations are more complicated than those of section 8, 
it is possible nevertheless to eliminate @, and to form an equation for 
d@,/d@,, which equation can be discussed graphically. The same time 
scale will be valid as was found in section 8. 


10. LHstimate of the influence of the change of form occurring during polar 
wandering on the magnitude of the components of angular momentum. — 
In section 3, in connection with equations (8) and (9), the question has 
been raised whether the deformational movements may give a contri- 
bution to the components of the angular momentum of a magnitude 
to be taken into account. It is possible to obtain an estimate in the 
following way. 

We suppose that the equilibrium difference 4—cw? between the axial 
and equatorial moments of inertia is due to displacements of the type: 


Up= Fox; Vo=Ewyg; Wo=— 25%, 


which satisfy the equation of continuity for an incompressible medium. 
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It is easily found that in this case: 


= 


hence we have the following relation between € and o: 
=o) dd. 


If we take c=1/G,, as in (3b), we are using the value which would 
apply if the spring G, was of no importance, so that the reactions of the 
system would have the greatest possible speed. 

When the same deformation is described with reference to the system 
of axes OX YZ, we obtain displacements: 


U=—3£{(a@{ —40?)a+ w,woy + 2} 
V=—36 {@ Wx 4 (wo; zo")y + Wo d32} 
W= — 3&{ amu + wyergy + (03 — 402)2}. 


From these expressions we can deduce the velocities which appear on 
a change of direction of the axis of rotation (w? being constant). These 
velocities are given by: 


U= — 8 {2c 04% + (1H + WoG1)y + (@,05+ W3@)2}, etc. 
The corresponding contribution to the component h, is: 


Ohy = 38 {Wa + @302)(B—C) + (wg + w.0,)E + 


Substituting the values: 


A=J +a(w?—1w?), ete. 


D=— caw, ete. 
we arrive at: 
; ; Oo” wD? : : 
Oh, = 3£00* (WH — W309) = ZF ~ (W903 — 0304). 


The order of magnitude of this expression is given by: 


2 6; 
ow 
By u 
a (OXON =, 
df o 


This is very small in comparison with 
fowo,, 


which is representative of the amounts appearing e.g. in formula (16). 
Hence it seems safe to conclude that there is no danger in neglecting 


these amounts. 
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THEORETICAL MECHANICS 


ROTATIONAL MOTION OF A SPHERE SUBJECT TO 
VISCO-ELASTIC DEFORMATION. III 
ney 
J. M. BURGERS 


(Mededeling No. 82 uit het Laboratorium voor Aero- en Hydrodynamica 
der Technische Hogeschool te Delft) 


(Communicated at the meeting of September 24, 1955) 


11. Influence of a gradual change of the quantities a ... f with tume.—In the 
deductions of sections 6-9 of the preceding part of this paper the quantities 
a...f, which represented small changes introduced into the original 
moments and products of inertia of the body, have been treated as con- 
stants, independent of the time. In so far as a solution of the equations 
would have to be calculated from certain initial conditions, it is necessary 
therefore to suppose that the initial conditions refer to the instant imme- 
diately following the introduction of the changes a ... f. 

However, when changes are brought about of the moments or products 
of inertia of a rotating body, these changes themselves will influence the 
rotational velocity. For instance, when a, b and ¢ all three are positive, 
the average moment of inertia increases and we must expect a decrease of 
the angular velocity. Equation (32) can then no longer be valid. In the 
following lines we will briefly indicate which additional terms make their 
appearance in the equations when a ... f are treated as functions of f. 

In passing it may observed that in general the kinetic energy of the rota- 
tion will not remain constant: the change of the moments of inertia requires 
the displacement of certain masses in the body, which must be brought 
about by interior forces; and the work spent in this process influences the 
magnitude of the kinetic energy. 

The alterations to be made in the calculations of section 9 (which 
contains a more general case than sections 7 and 8) on the whole are simple. 
Formula (38) for h, does not change. We keep to the definition of the 
quantities S,, Sy, S; as given in (39). In EuLER’s equations, which refer to 
quantities like dh,/dt ete., there will appear extra terms dw, — fag — bag, 
ete.; in eq. (40) they must be introduced on the left hand side. As before 
we shall neglect the products of a... f with 6,, 6, 63; hence the terms to 
be introduced into (40) will be written: 


AO, —fG@,— Gs, ete. 


In applying the operator d/dt+4 we shall neglect the quantities 
d(d@, —fm,—é&s;)/dt; we retain, however, the terms multiplied with 2 and 
on the right hand side of equations (41) we add: —A(a@, — fo, — 6s) 
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Again we separate the parts referring to the 6, from those referring to 
the @;. For the 6, we obtain the same equations as before, whereas eqs. (42) 
must be supplemented by terms: 


— (ao, —fo, — €@5), ete. 


on the right hand side. These same terms, divided by J, will appear on 
the right hand side of eqs. (42a). 
Equation (32) is now replaced by: 


4@1 + O20. + O53 = 
(44) et ee a ee 
= —F {dO} + bG3 + 603 — 2d0.0, — 260,05 — 2/0 1@o}. 


Since this equation has no simple integral, the solution of equations (42) 
or (42a) becomes complicated and we shall not go into a general treat- 
ment. The complication is increased by the circumstance that now the 
quantities S,, S,, S; are functions of the time. 

If it is desired to obtain an approximate picture of the influence of the 
new terms of the equations, we may consider an imaginary case in which 
the quantities a ... f in a relatively short time rise from zero to certain 
values and remain constant afterwards. Or a case may be considered in 
which these quantities, after having been constant for a certain period, 
change rapidly, again to remain constant after the change. The equations of 
section 9 will then be valid during those periods in which a... f are constant. 
On the other hand, since the time of damping of the nutational oscilla- 
tions is of the order of 10-15 years, whereas the time-scale for the axial 
wandering considered in section 8 can be of the order of a million years, 
we can choose an intermediate length for our imaginary period of rapid 
change of the quantities a... f, say for instance, of the order of 10.000 
years. During such a period it is then possible to approximate equations 


(42) by: 

J G1 — (46, —f@,—€5,) 
(45) \ Jain — (60,—da, —fa,) 
JGg~ — (603-6, —da,). 


Since the changes of @,, @, ©, appearing during this period will be small, 
we may integrate these equations in the following form: 


(46) J (1 — ©) = — {(a” —a’)@, — (f" —f’)@_—(e” —e’)@}, ete. 


where quantities with a single prime refer to the state immediately before 
the changes and quantities with a double prime to the state immediately 


after the change. 
Evidently more précise calculations will be needed for slow changes of 


the quantities a ... f occurring during a longer period. 


COLLOID CHEMISTRY 


CONTRIBUTIONS TO THE COLLOID CHEMISTRY OF 
PHOSPHATIDES. I* 


1. Some properties of egg-phosphatide suspensions 


2. Transformation in coacervated systems by alcohols 
BY 


H. G. BUNGENBERG DE JONG, A. DE BAKKER anv D. ANDRIESSE **) 


(Communicated at the meeting of May 21, 1955) 


1. Introduction 


The aim of this series of communications comprises an effort to base 
the colloid chemical behaviour of phosphatides on the colloid chemistry 
of simpler association colloids. It is reminded that colloid systems, in 
general, can be divided into two main sections; A. Systems which are 
not in thermodynamical equilibrium (e.g. hydrophobic systems) and 
B. Systems which are in thermodynamical equilibrium (systems of macro- 
molecular and of association colloids) '). 

In studying phosphatides in terms of association colloids, it is neces- 
sary to avoid complicating matters by subdividing artificially a phosphatide 
containing phase into particles of submicroscopie dimensions. It is to be 
expected that in this way “‘colloid systems of higher order’’+) arise, 
which show in their behaviour the characteristics of non equilibrium 
systems (as a consequence of the subdivision), thus masking more or 
less the characteristics of association colloids. 

Our experimental work will consequently start (section 3) by studying 
what happens when a dry phosphatide is brought into contact with water. 


2. Discussion of previous work on the colloid chemistry of phosphatides 
from a modern point of view 


It is now recognized that the phosphatide hydrosols, which were investi- 


*) Publication no. 30 of the Team for Fundamental Biochemical Research 
(under the direction of H. G. Bungenberg de Jong, T. H. van den Honert, E. 
Havinga and H. L. Booij). 

‘**) Aided by Grants from the “Netherlands Organization for Pure Research, 
CANA OD) 

1) H. G. BuNGENBERG DE Jone, in H. R. Kruyt, Colloid Science II, Ch. Ji. 
(Elsevier, Amsterdam, 1949). 
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gated some twenty years ago *) concerned colloid systems of higher order. 
As phosphatides are not soluble in water, an alcoholic solution was rapidly 
mixed with four volumes of water and afterwards the alcohol removed 
by dialysis. When the phosphatide had been freed beforehand from fatty 
contaminations (precipitation of the phosphatides from the ethereal 
solution by aceton, repeated three times), weakly opalescent hydrosols 
were obtained generally. Such hydrosols are relatively stable in relation 
to addition of salts—though an opalescence or turbidity slowly develops 
with time. It was found, however, that in the presence of many organic 
non-electrolytes which act as ‘sensitizers’, these hydrosols are more 
susceptible to salt. A much faster loss of stability occurs most prominently 
at the reversal of charge point with the salt employed. The importance 
of the point of the reversal of charge with respect to the velocity of loss 
of stability follows from the consideration of the hydrosols as systems 
of higher order. Of more interest for our present purpose is the nature 
of the “flocculation” of such “sensitized” phosphatide hydrosols. It 


OOO accao0 
Q O-dD 4 Bre 


O- OS-O 
Fig. 1. Morphological peculiarities of P-coacervates. 


A,B,C drops with sideways attached vesicles, the protruding vesicle not being 
visible. 

H-—I A mechanical disturbance may rupture the vesicle wall, whereafter the 
coacervate drop immediately rounds off. 

E-—>F Formation of a mechanical unit, consisting of two coacervate drops and 
a common vesicle. D a larger similar unit. 

Chain of vacuoles separated by invisible septa. 

G—H _ Sideways fusion of two vesicles. 

K Behaviour of a negatively charged coacervate drop in a direct current 
field. The moving boundary transports small sideways attached vesicles 
to the cathode side of the drop where they fuse to one vesicle which gradu- 
ally increases in size. With positive coacervate drops the movement of 
the boundary is just the other way around and the large vesicle develops 


at the anode side. 


2) H. G. BUNGENBERG DE JoNG and R. F. WesrerKamp, Biochem. Z. 234, 347 


(1931); 248, 131, 309, 335 (1932). 
H. G. BUNGENBERG DE JONG, G. VERBERG and R. F. WesrerKamp, Kolloid. Z. 


71, 184 (1935). 
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appeared that in many cases, coacervate drops are formed, which may 
fuse into one single homogeneous and clear coacervate layer. These drops 
showed under the microscope many peculiarities (figure 1) which can be 
explained when it is assumed that at the boundary coacervate/equilibrium 
liquid a monolayer of orientated phosphatide molecules is present %). 
When two such boundaries meet with the surfaces directed towards the 
coacervate, a stable bimolecular film is formed (the practically invisible 
films surrounding the vesicles attached to the periphery of the coacervate 
drops and the invisible septa between the individual vacuoles of an articu- 
lated vacuole). When two boundaries meet with the surfaces directed 
towards the equilibrium liquid, no stable bimolecular film is formed (two 
coacervate drops fuse on meeting into a larger spherical drop). 

When the above findings are considered from a modern point of view, 
we may state that by the action of sensitizers, the non-equilibrium 
character of the hydrosols is removed and a simple two-phase equilibrium 
is obtained (coacervate=phosphatide rich phase; equilibrium liquid= 
phosphatide poor phase). This is a first link between the colloid chemistry 
of phosphatides and of simpler association colloids where coacervation 
is known too. A second link is the general sensitivity of colloid systems 
of phosphatides and of simpler association colloids for organic non- 
electrolytes. Still the first lnk is quite imperfect. 

Coacervates of simple association colloids e.g. K-oleate-+ KCl, do not 
show any trace of the remarkable morphological aspects of phosphatide 
coacervates. It was only in 1949, when it was discovered that both anionic 
and cationic detergents are able to form two kinds of coacervates *). 
These are, ordinary coacervates which were designed as O-coacervates 
and P-coacervates (coacervates with properties ') until then only known 
in phosphatides). O-coacervates are obtained by adding suitable salts to 
the detergent solution. P-coacervates originate from the joint action of 
salts and a suitable organic non-electrolyte in sufficient concentration. 
We observe that the assumption of phosphatides as association colloids 
is supported by this. It will be seen in this and the next communications 
that more links exist (in the next communication it is shown for instance 
that O-coacervates of phosphatides exist too). Summarising, it seems 
reasonable that the colloid chemistry of phosphatides is in principle 
quite analogous to the colloid chemistry of anionic and cationic detergents. 
The insight achieved during the last years in the latter classes of associ- 
ation colloids will serve as a guide in the further investigation on the 
colloid chemistry of phosphatides. 


*) H. G. Bunecensere pe Jone and J. Bonner, Protoplasma 24, 198 (1935). 
In this communication it was assumed, that the phosphatide molecules are oriented 
with their polar groups towards the coacervate. At present, however, we must 
leave the question undecided how the phosphatide molecules are oriented, 


4) H. G. BuNGENBERG DE Jong and L. J. pr Heer, these Proceedings 52, 783, 
794 (1949), 
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3. Material and preparation of a suspension 

The first experiments were carried out with “Lecithin ex ovo puriss.”’, 
a Merck preparation. The bottles were stored in a cold room (0° C) ina 
vacuum-exsiccator (CaCl,) until use. Egg phosphatides of different birds 
are known to contain as main constituents phosphatidylcholine and 
phosphatidyl-ethanolamine in a ratio of 4:1 °). This ratio is found too 

in the Merck preparation, which also contains a small amount of fatty 
acid ®), 

From previous investigations it is known that the colloid chemical 
behaviour of phosphatides is markedly influenced by fatty acids and 
other fatty contaminations (see note 2). In preparing a phosphatide 
suspension, the fatty acid was practically removed beforehand by precipi- 
tation of the ethereal solution (5 g egglecithin + 200 ml ether) by acetone 
(500 ml). It is convenient to perform all manipulations (making of the 
solution, precipitation, preparation of the suspension) in one and the 
same stoppered cylindrical bottle (2 L). After the precipitate has settled 
it is allowed to become a coherent sponge-like mass adhering to the glass 
wall. The supernatant liquid can be poured off without loss of precipitate. 
The bottle is now closed with the rubber stopper and is put away for 
about 20 minutes in an inverted position, allowing for drainage of the 
precipitate. After pouring off the collected aceton-ether mixture, the 
precipitate is again dissolved in ether. The unstoppered bottle is now 
laid on a rolling-device (two adjacent rollers, operated by a motor). Slow 
evaporation of the ether yields a thin layer of the phosphatides on the 
cylindrical inner-surface of the flask. Rapid evaporation by suction, 
or by a current of air should be avoided, as this leads to a cooling of 
the ether below the dew point and a subsequent condensation of water. 
The rate of evaporation can be safely increased by the use of an electric 
hair-dryer, the jet of warm air being directed on the outer surface of 
the flask. Only after the phosphatide film has been completely formed, 
a stream of warm air (not above 40°) is blown through a glas tube into 
the flask, until constant weight is obtained. Starting from 5 g original 
phosphatide, about 4 g “once-purified”” phosphatide is obtained as a 
thin layer on the wall of the flask. 133 ml distilled water is then added 
and the flask is rolled anew for about 30 minutes, after which the suspension 
is ready. Eventually thicker parts of the phosphatide layer (e.g. at the 
meeting of the bottom and cylindrical part of the flask) only go slowly 
in suspension. This accumulation can be avoided by a suitable tilting 
of the rolling-device during the evaporation of the ether. 


4. Form and nature of the particles in a suspension 
On microscopical examination, the suspension contains rounded semi- 


5) KE. vAN Hanpbet, Thesis, Amsterdam (1954), 
6) This can be calculated from data obtained from electrometric titrations in 


a suitable solvent. 
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fluid particles of different size, the larger ones having a diameter of 15— 
30u. A large fraction has approximately a spherical form, which leads 
to a resemblance of the suspended particles with fluid drops (hence 
probably the current expression “‘lecithin emulsion”). On close exami- 
nation the approximate spherical particles are not bounded by an ideal 
spherical surface. Besides these, pear-shaped particles are also met with. 
Furthermore, a design of concentric lines or a spiral structure is often 
observed. Examination by means of crossed nichols shows the particles 
to be birefringent (most clearly to be seen with larger particles). With 
the aid of a Red I plate it appears that the index-ellipsoid is situated 
perpendicular to the surface of the “‘spherical” particles. From observations 
on myelinic tubes of lecithin it is known that the index-ellipsoid lies 
perpendicular to the surface. The direction of the index-ellipsoid indicates 
the direction of the hydrocarbonchains of the orientated lecithin mole- 
cules 7). The above mentioned particulars of the suspension particles then 
leads to the following picture of their formation. From the contact surface 
of the dry phosphatide layer myelinic tubes sprout. The latter are detached 
by the streaming water and are coiled up, followed by a fusion process. 
Given the semi-fluid nature of the swollen smectic-phase, flow does not 
seem excluded and this may contribute to a further rounding off of the 
coils to approximate spherical shapes. Perhaps this latter process is the 
most important one in rounding off the very small myelinic tubes. 


5. Stability, Flocculation and Myelinisation 


Notwithstanding the relatively large dimensions of the suspension 
particles, the suspension preserves, on standing for a week or longer, the 
same milky appearance. It is true, that one finds on the bottom of the 
flask an accumulation of larger particles, but in general their sedimentation 
is only slight. As it is very difficult to bring about sedimentation by 
centrifugation at lower speeds, one must conclude that the density of the 
particles is about equal to that of water. 

The glass electrode indicates a pH of about 6 which is far off from 
the I.E.P. which was found to be about 3.0 for a diluted (60 times) sus- 
pension in which the pH was varied by HCl. The negative charge un- 
doubtedly favours the stability of the original suspension, as at the [EP 
flocculation of the suspension occurs. This flocculation is confined to 
a relatively narrow range of pH values (2.8-3.5). At lowering the pH, 
the now acquired positively charged suspension is relatively stable again. 

At microscopical investigation of the flocculation the shape and appear- 
ance of the larger suspension particles have not changed much. They lie 
embedded in a mass of adhering smaller particles. At low pH values 
(e.g. 1.1-2.5) a curious change takes place in the larger particles. They 


) Frey-Wyssiing, A., Submicroscopic Morphology of Protoplasm and _ its 
Derivatives, (Interscience Publishers, New York, 1942). 
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are no longer approximately spheres, but take on irregular shapes, which 
remind of atypical myelinic tubes. 

Addition of CaCl, results in a loss of stability at concentrations extending 
from about 2-12 m aeq/l. The flocculation zone is situated around the 
reversal of charge point (with different samples, values between 4 and 
6 m aeq/l CaCl, were found). Microscopically the same phenomenon as 
described above is seen. From about 25 m aeq/l CaCl, and upwards, 
myelinisation of the particles occurs. 
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Fig. 2. Aspect of a series of phosphatide suspensions of increasing CaCl, concen- 
centrations (numbers given in eq./l) after 2 hours. Explanation see text. 


Figure 2 gives the appearance of a series with increasing CaCl, concen- 
trations after two hours standing (composition of the mixtures: a ml 
CaCl, solution-+(4-a) ml H,O+1 ml 4 % Phosphatide suspension. The 
phosphatide suspension used was made up from 3 x purified crude egg 
phosphatide, Merck). It is seen that at very large concentration a sedi- 
mentation or a creaming up of the myelinised particles occurs. The 
curious phenomenon of myelinisation also takes place with other salts 
(e.g. NaCl and KCl were investigated in the concentration range 0.1 to 
2.0 equiv/l). 


6. Elasticity of the phosphatide suspension 

When a phosphatide suspension in a small beaker glass is brought into 
rotational motion, it is observed that after slipping of the voluntary 
motion of the beaker glass the velocity of the rotation of the suspension 
diminishes and after some interval will cease, directly followed by a 
slight movement in the opposite direction. Hence the suspension is weakly 
elastic. The time ¢ needed to check the rotational motion appears to 
be measurable and fairly reproducible (mean of 10 measurements). With 


TABLE I 
a rl 
r pts suspension t at h/r = 1 Te coe 

(em) to attain h =r (ml) (sec) 

1.30 6.2 4,14 + 0.04 0.617 0.114 
1.87 18.4 8.46 + 0.02 0.927 0.272 
2.20 30.0 12.83 + 0.02 1.108 0.342 
2.48 42.7 16.31 + 0.02 TPA} 0.395 
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a given suspension, the time ¢t depends on the radius r of the cylindrical 
vessel and the height of the fluid column h, of the suspension. Empirically 
it was found that in cylindrical vessels of different radii, and filled with 
suspension, such that h=r, there exists a simple relation between ¢ and r 
at room temperature (20°). Table I gives the results of such measurements. 
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In figure 3 three lines have been drawn according to the functions 
t~r, t~r® and t~r respectively—together with the data of the 
columns 4 and 5 of Table I. It is observed that the experimental data 
approximately correspond to the function t ~ r°. 

It is known that ¢t increases when the elastic phenomena become very 
weak or disappear, and that ¢ decreases when the elasticity becomes 
pronounced (e.g. when more than one turning point is observable). There 
are indications that ¢ is a measure of the damping. Whether ¢ also depends 
on the shear-modulus is not yet clear. It is convenient to use l/f as a measure 
for the “elasticity” of phosphatide suspension at a given r and at a given 
value of h/r. In the following such t measurements will be used to obtain 
information about the influence of variables on the elasticity. 


7. Influence of CaCl, NaCl and pH on the elasticity 

It was found that ¢ (at constant r and constant h/r) strongly depends 
on the dilution of the phosphatide suspension. In a certain case t of the 
undiluted 3 °%, suspension was 4.00 sec. Dilution with distilled water to a 
1.5 % suspension resulted in a ¢ value of 13.3 sec, hence 1/t decreased 
from 0.250 to 0.075. When, therefore, investigating the influence of 
various salt concentrations it is advisable to take the dilution of the 
suspension as small as possible. In the following series of measurements 
the formula for the mixtures was: 

a ml CaCl, 0.05 or 0.5 equiv/1+(1—a) ml H,O +10 ml 3 % phosphatide 
suspension. The mixtures were made in a series of beaker glasses which 
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had a mean diameter of 3.88 em + 0.03 mm. Table II gives the results 
of the measurements. 


TABLE II 
==4 2.16 + 0.23 | 0.082 + 0.002 
0.6 0.78 — 4 5 + 0.10 | 0.085 + 0.001 > very weak elastic 
1.0 0.00 — 3 2.01 + 0.11 | 0.083 + 0.001 
1.25 0.10 ="3 24 + 0.04 | 0.191 + 0.003 \ 
1.5 p18 = 3 2.73 + 0.04 | 0.366 + 0.005 
1.75 G34 3 2.42 + 0.04 | 0.413 + 0.007 
2.0 0.30 — 3 2.48 + 0.03 | 0.403 + 0.005 \ markedly elastic 
2.5 0.40 — 3 2.63 + 0.04 | 0.380 + 0.006 
4.0 060\— 3 23 + 0.04 | 0.310 + 0.004 
10.0 0.00 — 2 5.02 + 0.05 | 0.199 + 0.002 , 
20.0 0.30 —2 | 17.18 + 0.25 | 0.058 + 0.002 ) 
50.0 0.70 —2 | 24.98 + 0.73 | 0.040 4 0,001 ¢ DMelastic 
ast 4% 
a4! 
a3 < 
st a 
ok 
01 a. 
' ————— 
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Fig. 4. Influence of CaCl, on elasticity (upper 
graph) and electrophoretic velocity (lower graph) 
of a phosphatide suspension. The CaCl, con- 
eg Ce .c, centration is given in equiv/l 


=e ; 2 


In figure 4 upper graph, the values of 1/t (column 4) have been plotted 
against log Cg,q, (column 2). The electrophoretic velocity, U, of the same 
phosphatide suspension at a 60-fold dilution, has been measured with a 
modified Northrop apparatus. The values of U (in arbitrary units) have 
been plotted in figure 4, lower graph, against log Cag,. It is seen that 
the point of the reversal of charge does not coincide with the position 
of the maximum of the 1/t curve. One may ask whether this non-coinci- 
dence is due to the fact that in the elastic measurement the dilution of 
the phosphatide suspension is only very small (10/11) whereas in the 
electrophoretic measurements the dilution is large (1/60). It was therefore 
necessary to investigate the reversal of charge at different dilutions of 
the suspensions. The reversal of charge point appeared to be practically 
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the same at 60-, at 20- and at 8-fold dilutions of the suspension. An 
attempt was made to determine the reversal of charge at 1.05-fold di- 
lution. However, this was very difficult as the suspension is heavily 
flocculated and practically no free-moving particles were seen. It seemed 
that the reversal of charge point had shifted to a somewhat lower CaCl, 
concentration, but this shift—if real—is very small. Thus, the real point 
of the reversal of charge lies about half way along the branch to the 
right of the l/f curve (fig. 4; upper graph). 

It may be concluded that the elasticity is certainly not most prominent 
at the reversal of charge with CaCl, though the flocculation itself is here 
maximal. In comparing figure 4 with figure 2 it appears that the maximum 
elasticity occurs at a CaCl, concentration just before the visible strong 
flocculation. Hence it must be assumed that at increase of the CaCl, 
concentration the mutual repulsion of the particles of the suspension is 
gradually changed into a mutual attraction. The most favourable con- 
dition for elasticity is near the transition from repulsion to attraction 
of the particles. 

The enhancement of the elasticity by CaCl, is reversible. A calculated 
amount of Na oxalate added to the suspension containing 1.5 m aeq/1 
CaCl, decreases the value of I/f to low values comparable with systems 
free from CaCl,. When CaCl, is added, the value of l/t increases anew. 
This procedure, however, cannot be repeated more than a few times, 
after which I/¢ is no longer increased by the addition of CaCl,, which is 
due to the accumulation of NaCl in the suspension. Investigations on 
the influence of NaCl on the elasticity of the blank suspension showed 
that already 3.3 m aeq/l NaCl destroyed the relatively weak elasticity 
of the suspension. At increase of the NaCl concentration beyond this 
concentration (up to 3000 m eq/l) no elasticity appears. From these 
observations we may conclude, that a very prominent contrast exists 
between the action of CaCl, and NaCl, which may be of interest for 
biology. Another interesting observation is that the influence of CaCl, is 
annihilated at already small NaCl concentrations. (Compare figure 5). 


K 


Fig. 5. Influence of CaCl, on the 

elasticity of a phosphatide suspen- 

sion in the presence of small NaCl 

concentrations (numbers given in eq./I 
log Ceeci, NaCl) 


Finally it may be mentioned that not only CaCl, but also by lowering 
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of the pH to values close to the I.E.P., an analogous enhancement of 
the weak original elasticity occurs. Here too, the maximum of the I/t 
curve did not coincide with the LE.P., but was situated at somewhat 
higher pH (a few tenths). 


8. Formation of P-coacervates with alcohols 


When ethylalcohol 95 % is added to a 3 Yo Phosphatide suspension, 
the milky appearance remains up to alcohol concentrations of 60 Dy: 
volume. At higher concentrations the phosphatide gradually dissolves 
and at about 90 % a clear solution is obtained. No coacervation occurs, 
however, with ethanol, nor with methanol. 

In the case of n-propanol a clear solution is already obtained by adding 
about 0.5 ml to 2 ml suspension. Here too, no coacervation is obtained 
at higher concentrations. With n-butanol the first drops already bring 
about a considerable swelling of the suspension particles, and the sus- 
pension becomes as a result, less opaque. The swollen particles—though 
overall round—are not bounded by an ideal spherical surface. They have 
not yet the nature of a fluid, as particles lying in contact do not fuse. 
At further addition of n-butanol the suspension changes into a perfectly 
clear solution, a state which remains over a tract of further additions 
of n-butanol, until at once coacervation takes place. 

Microscopical investigation showed that all peculiarities of P-coacervates 
as shown in fig. 1, are present. By application of a direct current field a 
movement of the coacervate boundary towards the cathode, and the 
formation of a large attached vesicle at the same side is observed (figure 
1 K). The P-coacervate therefore has the same electrophoretic charge sign 
as the original suspension particles of the phosphatide solution. If CaCl, 
is added the suspension particles become positive and the P-coacervate 
obtained is also positively charged. 

At further addition of n-buatanol, “double drops” are formed consisting 
of drops of a phase consisting mainly of n-butanol, surrounded by a 
shell of P-coacervate. At still higher concentrations of n-butanol the. 
shell of P-coacervate rapidly disappears and only drops of the butanol 
phase (which has dissolved the phosphatide) remain. Whereas it is some- 
times difficult to obtain coacervation with n-butanol, this is not the case 
with n-pentanol, n-hexanol and n-heptanol. In this sequence the amount 
of alcohol required for coacervation, decreases. 

With the higher homologues (n-octanol, n-nonanol and n-decanol) it 
was not possible to obtain coacervation at room temperature. Typical 
phosphatide coacervates were possible here when octanol or nonanol were 
added to a mixture of 2 ml suspension+1 ml ethanol, and decanol to a 
mixture of 2 ml suspension + 14 ml ethanol. But by this addition of ethanol 
coacervation no longer occurred with n-butanol and n-pentanol. We may 
summarize our findings as follows. 
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Medium No coacervation P-coacervation 
nnn EE 
water 1—2—3 4—5—6-—7 
33 % (43 % *) ethanol 1 2 4 5 6=— 7 =8— 9-104 


With other polar organic non-electrolytes P-coacervation has also been 
realised. A convenient substance is for instance iso-amylalcohol. 


9. Discussion 


Based on the result of a former investigation §), in the upper row of 
the survey below are given from left to right the sequence of characteristic 
colloid systems arising from a dilute solution in water of K-oleate by 
the action of KCl, followed by the action of isoamylalcohol. The solid 
arrows refer to the increase of the KCl concentration, dotted arrows to 
the increase of the isoamylalecohol concentration. With KCl alone we 
can successively realise elastic-viscous systems, O-coacervates and the 
smectic phase, but no further. With isoamylalcohol the remaining states 
can be reached successively. It is also possible to increase the KCl concen- 
tration until coacervation is obtained, and all further systems are reached 
with isoamylalcohol. 

This is even possible with smaller KCl concentrations, so that only 
the elastic-viscous state of the solution is reached. At ICC] concentrations 
in the neighbourhood of the elastic limit (a not very sharp limit, indicated 
here by a broken line) the possibility to transgrede all further colloid 
systems with isoamylalcohol until P-coacervate is no longer present. 
Investigations in this laboratory by H. J. VAN DEN Bere %) have shown 
that, with KCl in the neighbourhood of this elastic limit, sandwich micelles 
make their appearance, and are present in all * further systems to the 
right, up to and including P-coacervates (the smectic phase can be con- 
sidered to consist of parallel sandwich micelles of quasi infinite extension). 
The transformation of spherical micelles (eventually via cylindrical 
micelles) into small sandwich micelles takes place at KCl concentrations 
below the elastic limit (which lies about 0.4 mol/l). According to the 
hypothesis of H. L. Boots ™) this transformation is due to the binding 
of cations to the ionised groups of the oleate, and this binding increases 
more and more and will have reached about 100 % in the smectic phase. 
Later work in this laboratory on a favourable example (cetyltrimethyl- 
ammonium bromide -;} KCNS) has confirmed the progressive binding—in 


* The solution in column 6 of the Survey has not yet been investigated on 


the presence of sandwich micelles. 

8) H. G. BUNGENBERG DE JoNnG and L. J. pre Hurr, these Proceedings 52, 783, 
794 (1949). 

°) H. J. vAN DEN Bera, Thesis, Leiden, 1953. 

) H. L. Boor, in H. R. Kruyt, Colloid Science II, chapter XIV (Elsevier, 
Amsterdam, 1949), 
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this case of anions—to the positive heads of the detergent “). It was 
found that at the elastic limit the binding amounts to about 35 %, and 
at the coacervation limit it amounted to about 70 %. 

When we now imagine phosphatide molecules side to side, arranged 
in a sandwich micelle, then in principle the same arrangement of positive 
and negative charges is obtained as in a sandwich micelle of oleate in 
the smectic state (fig. 6). The difference is only that positive and negative 
groups are united by covalent bonds in the phosphatide. This explains 
why egg phosphatide + water form spontaneously the smectic phase and 
here no salt is necessary. It explains further that in egg phosphatide 


Fig. 6. Correspondence between micelles of a phosphatide (A) and micelles of an 
anionic detergent (e.g. oleate) with 100°/) bound cations (B) 


without more, the colloid systems in the left part of the survey (solutions, 
viscous elastic systems, O-coacervates) are not possible. 

The quasi occupation of the charges (phosphate groups) with positive 
“ions” (positively charged choline or colamine groups) is 100 °) and remains 
100 %. It explains further that all systems to the right of the smectic 
phase in the survey are obtained by adding isoamylalcohol without the 
presence of a salt being necessary. 

The above also throws more light on the former investigation with 
“hydrosols”, unsensitized and sensitized (compare section 2). It is clear 
that the colloid particles of the unsensitized sols were submicroscopic 
lumps of the smectic phase, that those of the sensitized hydrosols already 
had the nature of P-coacervates, the action of the salt being only an 
acceleration of its fusion to microscopical drops or to a macrolayer (by 
removing a retarding capillary electric charge) 


Department of Medical Chemistry, 
University of Leyden. 


11) H. G. BUNGENBERG DE Jone and A. REcouRT, these Proceedings, Series B, 


56, 303, 315, 442 (1953). 
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CONTRIBUTIONS TO THE COLLOID CHEMISTRY OF 
PHOSPHATIDES. IIa * 1) 


1. Transformation of Lgg-phosphatide suspensions into O-coacervates, 
elastic-viscous systems and non-elastic solutions. 


bo 


Unity in the colloid chemistry of anionic, cationic and amphotonic long 
chain electrolytes. 


BY 


H. G. BUNGENBERG DE JONG, A. DE BAKKER anp D. ANDRIESSE sag) 


(Communicated at the meeting of June 25, 1955) 


l. Introduction 


In part I of this series a beginning was made with the study of phospha- 
tides from the point of view of association colloids. A series of six charac- 
teristic kinds of colloid systems can be distinguished for anionic and 
cationic long chain electrolytes, which can be obtained reversibly, one 
from the other in the sequence: 1) non-elastic solution, 2) elastic-viscous 
solution, 3) O-coacervate, 4) smectic phase, 5) solution and 6) P-coacervate. 

It was experimentally demonstrated and explained, starting from the 
amphoionic nature of phosphatides, that the last three kinds of systems 
can be readily obtained by simple means. From this argument it follows 
that the first three kinds cannot be realised without more, which indeed 
proved to be the case up till now. The present communication deals with 
the question whether these first three kinds of systems can be realised 
with the aid of more specialised means with egg-phosphatides. 


2. Materials and Methods 


The same phosphatide preparation (fresh Egglecithin of Merck) and methods 
for purification were used as described in Part I. After freeing it from fatty contami- 
nations (precipitation of the ethereal solution with acetone) a suspension (smectic 
phase) was made according to the directions given in Part I. 

In the course of the present investigation much profit was drawn from a simple 
—but very practical—method for the evaluation of rather weak elasticity, which 
was also described in the preceding communication. 


*) Publication no. 31 of the Team for Fundamental Biochemical Research 
(under the direction of H. G. BunceNBERG DE Jone, T. H. van DEN Honert, 
E. Havinea and H. L. Boors). 

**) Aided by grants from the ‘‘Netherlands Organization for Pure Research 
(ZW Os) 

1) Part I of this Series has appeared in these Proceedings, Series B 58, 238-250 
(1955). 
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3. Unsuccessful attempts to realise the colloid systems sought for 


It seems reasonable that by lowering or increasing the pH of the phosphatide 
suspension sufficiently, the missing systems (solution, elastic-viscous system, 
O-coacervate) may be obtained. As the phosphate group is strongly acid and the 
choline group is a strong basic group, only very low and very high pH values respec- 
tively offer favourable perspectives. At these extreme pH values, however, the 
danger of decomposition which is quite distinct even at room temperature, is greatly 
enlarged. 

After mixing the phosphatide suspension with the required amount of concen- 
trated HCl or NaOH, no immediate transformation into the desired systems took 
place. Considering the penetration velocity of the strong electrolytes into the 
phosphatide particles possibly small, the mixtures were left for six hours at 
room temperature. Inspection showed distinct marks of decomposition of the 
phosphatide. The mixture incubated with NaOH had turned into a gel, which 
on microscopical examination showed stringy masses probably soap curd from 
fatty acids split off by hydrolysis. As signs of the presence of phosphatides could 
no longer be found, a high degree of their destruction must already have been 
reached after 6 hours. With HCl the destruction had not proceeded so far. The mixture 
contained coacervate drops and bundles of needle-shaped crystals—evidently split 
off from fatty acids. The coacervate drops vacuolised after warming and next 
developed hyaline vesicles attached sideways. They belonged, therefore, not to the 
O-coacervate sought for, but to the P-coacervate. The fact that P-coacervates were 
formed is not very surprising. That part of the phosphatide molecules not yet 
decomposed, must behave in the acid medium as a cationic association colloid. 
For the transformation into P-coacervation of the latter system the joint action 
of a salt and a polar organic non-electrolyte (see part I) is needed. The role of the 
salt is taken over in this particular system by HCl, as in cationic association colloids 
it is the anion of the salt that is really active. The polar organic non-electrolyte 
is the fatty acid, split off by hydrolysis. 

Next, experiments were carried out in order to determine whether with the aid 
of inorganic salts, the desired transformation into O-coacervates could be achieved. 
Various salts (NaCl, KCl, NH,Cl, (NH,).8O4, MgCl,, MgSO,) at high concen- 
trations were tried, but without success. They only brought about myelinisation 
of the phosphatide particles, a phenomenon which has already been observed at 
much lower concentrations of NaCl and CaCl, (Part I of this series). 


4. Action of Na-salicylate on the phosphatide suspension 

In a recent investigation it was found that the salicylate ion has a 
distinct affinity for the quarternary ammonium group of cetyl-trime- 
thylammoniumbromide?). As the main constituent of the egg phospha- 
tides — phosphatidyl choline — possesses a quarternary ammonium group, 
the action of Na-salicylate on the phosphatide suspension was investigated. 

These experiments carried out at room temperature showed that Na- 
salicylate concentrations ranging from 1—1.4 mol/l transform the suspension 
into a coacervated system. At higher concentrations (1.5—1.7 mol/l) a clear, 
elastic-viscous system is formed while at. still higher concentrations 
(1.8-2.0 mol/l) a clear non elastic solution is obtained. 

On inspection of these coacervate drops, none of the peculiarities of 


*) H. G. BuncEnsere pe Jona, H. J. vAN DEN BERG and W. W. H. WEIJZEN, 
these Proceedings, Series B58, 135 (1955) 
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P-coacervates could be observed. Vacuoles entrapped in a coacervate 
drop and coming into contact with the inner surface of the boundary 
coacervate/equilibrium liquid break through and the contents of the 
vacuole are poured out into the surrounding liquid. Thereafter, the 
coacervate drop becomes spherical again. (In the case of P-coacervates, 
a sideways attached hyaline vesicle is formed, the contents of which are 
separated from the surrounding liquid by an extremely thin membrane). 
Application of a direct current field revealed none of the characteristics 
of the negatively charged P-coacervates (for particulars of P-coacervates, 
see fig. 1 in Part I of this series). From this it may be concluded that 
Na-salicylate transforms the double refringent phosphatide phase into 
O-coacervate. 

Elastic-viscous systems obtained with Na-salicylate showed some 
3-4 turning points (visual observation in a test tube). These elastic oscil- 
lations are strongly damped. In order to gain further information on this 
phenomenon mixtures of the following composition were made in cylin- 
drical beaker glasses (mean diameter 4.4 em): a ml Na-salicylate (0-3 
mol/l) + (10-2) ml H,O+5 ml 3% phosphatide suspension. After about 
20 min. the time required for the transformation to take place, the elas- 
ticity was measured according to the technique described in detail in 
Part I of this series. The results of these measurements are recorded in 
fio. 41, 

It is seen that the very weak elasticity of the phosphatide suspension 
(1/t~0,1) already disappears at small concentrations of Na-salicylate 
(values of 1/f~0.05 and lower indicate absence of observable elasticity). 
In Part I of this series it was shown that with NaCl too, the elasticity 
disappears. With NaCl up to the highest concentrations the phosphatide 
suspension remains non-elastic, whereas with Na-salicylate elasticity is 
observed anew in a range of concentrations below 1 mol/l (at 20°). The 
limits of this range (see fig. 1: “Transition region” cannot be given accura- 


4 suspensions transition ' coacervated ' Viscous ‘ nonelastic 
Vs region ; systems; elastic syst. } solutions 
08 ' i ' 
06 ! ! 
04 | 
0 | ! 
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0.2 04 8 20 


Fig. 1. Transformation at increase of the WNa-salicylate concentration of a 
phosphatide suspension into coacervated systems (O-coacervate), elastic-viscous 
systems and non-elastic solutions (see text) 
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tely as this depends on a time factor. The measurements of 1/¢ proved to 
be very irregular here, which may be caused by the coexistence of suspen- 
sion particles and coacervate drops. 

At a concentration of 1 mol/l salicylate, the suspension particles are no 
longer present, and only coacervate+equilibrium liquid remain, which 
constitute a non-elastic system. The experimental points at which coa- 
cervate + equilibrium liquid is present at rest (> 1 mol/l) are represented 
by black dots; those more to the right, where only one phase is present, 
by white dots. 

The coacervation limit in fig. 1 has been taken midway between the 
last black dot and the first white dot. As the last white dot represents 
still a weak elastic system and we know from other experiments that at 
1.9 and 2.0 mol/l salicylate there is no elasticity any longer, the limit 
elastic/non-elastic has been taken at 1.85 mol/l. 

Fig. 1 shows that the 1/t curve has a maximum between the two above 
mentioned limits, as could be expected. The left ascending branch leading 
to this maximum does not start to mount upwards at the left limit of the 
region of elastic-viscous systems, but already at lower salicylate concen- 
trations. Compare the point at 1.4 mol/l. When after 2 minutes rest 
compared to a prior measurement the 1.4 mol/l system is measured and 
the impulse applied is as small as possible a 1/t value is obtained which 
is much smaller and which is characteristic of non-elastic behaviour. 

Here a parallel with the behaviour of emulsions of O-coacervates of 
anionic or cationic long chain electrolytes is encountered. These systems 
containing a salt concentration which brings the system close to the 
coacervation limit (limit elastic-viscous/coacervated system), change 
when shaken, into a homogeneous elastic-viscous system. At rest the 
system separates anew into coacervate and equilibrium liquid 1). This 
same phenomenon must take place with the 1.4 mol/l system in fig. 1, 
when measuring ¢ by giving the contents of the beaker glass a short but 
relatively vigorous rotational impulse, and may furnish an explanation 
of this particular part of the 1/f curve. 

Different results with a vigourous and a weak impulse are also present 
at higher Na-salicylate concentrations. When the elasticity of systems in 
the right half region of elastic-viscous systems are measured, after 2 minutes 
rest with regard to a prior measurement and the impulse applied is as 
small as possible, 1/t values are obtained which are at least twice the 
values obtained by means of a relatively vigorous impulse. (Consequently 
the t values are lower and much too small to be measured with a fair 
reproducibility.) It may be stated that by means of the method used 
(vigorous impulse), a 1/t curve is found which has a lower maximum and 


1) H. G. Buncensere pe Jona, W. A. Lonven and H. J. VERHAGEN, these 
Proceedings 53, 975 (1950). 


H. G. BUNGENBERG DE Jona and A. REcourRT, these Proceedings, Series B 56, 
303, 315, 442 (1953), 
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has been shifted as a whole towards lower Na-salicylate concentrations 
compared with the 1/t curve obtained by a ‘quasi static’? method. Compare 
in fig. 1 the position of the 1 /t curve with respect to the coacervation 
limit and the limit non-elastic/static elastic. 

Though the “dynamic” method is far from ideal in the measurement 
of elastic-viscous systems, the method is used throughout in the next two 
sections to gain further information about the influence of certain variables 
on the system. 


5. Influence of the temperature 

Mixtures containing Na-salicylate concentrations above 1 mol/l and 
after measuring ¢ at room temperature, were placed in a thermostate of 
40° and ¢ was measured again. For the measurement, the beaker glasses 
were placed on a horizontal glass-plate, situated just below the water 
surface, and a rotational impulse was given by sliding the beaker-glass 
on the glass-plate in a short circular motion. After making the measure- 
ments, it was ascertained whether the mixtures were coacervated systems 
or homogeneous. Next, the same mixtures were placed overnight in a room 
with a constant temperature at 2°C and were measured anew, and again 
the nature of the system was determined. Finally the mixtures were 
measured at room temperature and measured for the last time. 

The results (fig. 2) show that the influence of the temperature is reversible 
and rather strong. It appeared that the 1/f values determined at room 
temperature before and after the experiments at different temperatures 


Fig. 2. Influence of the temperature on the coacervation limit and the elastic 
behaviour (see text) 


(40° and 2°) were nearly the same. A small difference may be explained 
by a slight change of the temperature between the two series of measure- 
ments (19.6 — 20.4° C). The curve in fig. 2, denoted 20°, actually refers 
to the mean temperature and the mean of the 1/t values of the two series 
of measurements. A more detailed discussion of the influence of the 
temperature will now follow, beginning with the limit elastic-viscous/ 


coacervated systems. Too few experimental points are at our disposal to 
give this limit exactly, but already one conclusion can be drawn from 
the examination of the investigated mixtures. The 1/¢ values in fig. 2 
which belong to coacervated systems have been denoted by black dots, 
those in which the mixture is a one phase system (elastic-viscous systems 
and non-elastic solutions) have been denoted by white dots. Halfway 
between the last black dot and the first white dot a dotted vertical line 
has been drawn, which very roughly gives the position of the coacervation 
limit. It thus appears that the coacervation limit is displaced to higher 
Na-salicylate concentration at increase of the temperature. The same 
applies for the region of the elastic-viscous systems. 

At the same time the height of the curve decreases considerably. This 
runs parallel to a decrease of the number of turning points which can be 
observed with the naked eye. At 2° maximally 5-6 turning points are 
observed, whereas this number decreases to 2-3 at about 20° and to one 
turning point at 40°C. 

We know from previous investigations on elastic-viscous systems that 
the number of observable turning points constitutes an inverse measure of 
the damping A (logarithmic decrement) !). This means that there is a 
strong indication that the values 1/f obtained by means of measuring weak 
‘elasticities’, obviously in the first place give information on the damping 
and not on the shear modulus of the systems. With elastic-viscous systems 
of oleate it has been found that at increase of the temperature the number 
of turning points decreases, and consequently A increases ?). We may 
thus conclude that in the case of elastic-viscous phosphatide systems the 
damping decreases at increase of the temperature. 

In the preceding section, it was already discussed that our method 
is in principle a “‘dynamic’”” method, which displaces the coacervation 
limit during the measurements towards lower salicylate concentration. It 
appears from the high level of 1/t at 2° for the systems in the coacer vation 
region (at rest), that this displacement is much more pronounced at 
lower temperatures than at higher. 


(To be continued ) 


1) H. G. BUNGENBERG DE JoNG, these Proceedings, Series B54, 1 (1951). 
H. G. BUNGENBERG DE Jona, H. J. VAN DEN Brera and W. W. H. WEIJZEN, 
these Proceedings, Series B 58, 135 (1955). 
2) H. G. BUNGENBERG DE Jona, W. A. LoEvEN and W. W. H. WEIJZEN, these 
Proceedings 53, 1122 (1950); and these Proceedings, Series B 54, 240, 291 (1951). 
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(Communicated at the meeting of June 25, 1955) 


6. Influence of alcohols 


From previous investigations it is known that the properties of elastic- 
viscous systems of anionic or cationic long chain electrolytes are markedly 
influenced by a large number of organic non-electrolytes, e.g. by n-primary 
alcohols 2). 

When elastic-viscous systems and coacervates, obtained from a phospha- 
tide suspension by Na-salicylate really belong to the same kinds of colloid 
systems, alcohols must exert an influence here too. Consequently the 
influence of the first ten terms of the homologous series of the n-primary 
alcohols was investigated. 

From section 4) we know the sensitivity of phosphatide systems with 
respect to temperature. Therefore, all experiments were performed in a 
room of approximately constant temperature, and measurements were 
carried out in a large unheated thermostate filled with water at 17°, which 
remained constant within a few tenth centrigrades during the meagure- 
ments. Hach alcohol was investigated as follows. In a series of cylindrical 
beaker glasses (mean diameter 3.8 cm) a number of mixtures of the 
following composition were prepared: 

x ml Na-salicylate 3 mol/l+(10—xz) ml H,O+2 ml 3 % phosphatide 
suspension. 


*) Publication no. 31 of the Team for Fundamental Biochemical Research 
(under the direction of H. G. BUNGENBERG DE Jone, T. H. van DEN HoneERt, 
K. Havinea and H. L. Boots). 

**) Aided by grants from the ‘‘Netherlands Organization for Pure Research 
(ZiaNVi@) ie 

1) Part I of this Series has appeared in these Proceedings, Series B 58, 238-250 
(1955). 

2) Examples can be found in the communications of H. G. BUNGENBERG DE 
Jone and coworkers on elastic-viscous oleate systems, which have appeared in 
these Proceedings 51 (1948), 52 (1949), 53 (1950) and Series B54 (1951). 
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The beakers were then placed on the glass plate in the thermostate 
for about 30 minutes, after which the usual measurements were made 
(blank measurements). Next, the same quantity of the alcohol was added 
to each beaker, mixed thoroughly, and after 20 minutes t was measured 
again. This same procedure was repeated several times. 

As the terms of the alcohols appeared to exert their influence at smaller 
concentrations as the hydrocarbon chain increases in length, the alcohols 
had to be added in different ways. Methanol and ethanol require rela- 
tively large concentrations for an action (delivery by burette). n-Propanol 
up to and including n-hexanol were added by means of a dropping device 
described previously '). »-Hexanol, however, has such a strong action 
that the addition of 2 drops already made all elasticity disappear completely. 
This explains that in the case of n-hexanol we have only examined the 
influence at one alcohol concentration (corresponding to the addition of 
one drop). In the case of the higher alcohols, drops of a solution of the 
alcohol in question were added. This can safely be done, because methanol 
itself exerts a perceptible influence only at large concentrations. 

From the weights of the drops the concentration of the alcohol in the 
phosphatide systems was calculated. In the case of n-propanol, ethanol 
and methanol, in which the added volume of the alcohols can no longer 
be neglected, the salicylate concentrations were corrected accordingly. 


A “ 
t Methanol t n-Decanol 
08 08 
07 
06 


Te 12" SS ar sais 7,18 TW 42) 43° 4148-45 “46 A748) 49 
sal Csal 


Fig. 3. Increase of the damping (= decrease of 1 /t) by alcohols. Methanol exerts 
a salicylate sparing influence, decanol a salicylate demanding influence 


The results showed that all n-primary alcohols have in common that 
they decrease the height of the 1/t curve (compare fig. 3), which means 
that the damping is increased by all alcohols. This is quite analogous 
to the influence of alcohols on the damping in elastic-viscous systems 
of oleate. 


It was found that an alcohol also exerts an influence on the 1/t curve in 


1) H. G. BUNGENBERG DE Jone and L. J. pz Heer, these Proceedings 52 
783 (1949). , 
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horizontal direction and moreover that here two types of action with 
regard to direction can be distinguished. In fig. 3 examples are given of 
the influence of methanol and of n-decanol. Methanol (fig. 3, left) shifts 
the curve in the direction of lower salicylate concentration, which means 
that the coacervation limit and the region in which elastic-viscous systems 
are present is shifted in the direction of lower salicylate concentrations. 
We may formulate this by saying that methanol exerts a salicylate- 
sparing influence. 

Contrary to this, n-decanol displaces the 1/t curve in the direction of 
higher salicylate concentrations, which we may formulate by saying that 
n-decanol exerts a salicylate-demanding influence (fig. 3, right). 

The following series of symbols represent the results with the different 
alcohols. The numbers denote the number of C-atoms of the n-primary 
alcohols and the vertical line marks the place in the homologous series 
where the transition from salicylate-sparing to salicylate-demanding 
action takes place. 


(salicylate-demanding) (salicylate-sparing) 
10—9 | 8—7—6—5—4—3-—2-1 


It has already been mentioned that at increase of the chain length of 
the alcohol molecules, the concentration needed to exert a distinct action 
decreases considerably. Using the graph of fig. 3 and the similar graphs 
for the remaining alcohols we have estimated the shifts in the Na-salicylate 
concentration at the maxima of the 1/f curves expressed in percentages 
of the Na-salicylate concentration at which the maximum lies for the 
blank curve. These shifts—reckoned positive when an alcohol exerts a 
salicylate demanding action and negative when the reverse applies — have 
been plotted in fig. 4 against the logarithms of the alcohol concentrations. 
The distances in horizontal direction of the descending curves for two 
successive terms of the homologous series are not about equal, as 
found for similar graphs for anionic and cationic long chain electrolytes. 
This, however, is not true, and might be due to the fact that a) three 
different phosphatide stock suspensions have been used in the course of the 
investigation of the alcohols, and b) a stock suspension was used during 
about 3 consecutive days during which slow alterations with time took 
place at 17° (the height of the maximum of the blank 1/t curve decreased 
with time), c) the relative error in estimating the Na-salicylate concen- 
tration at which the maxima of the 1/t curves are situated. 

When it is assumed, that the descending branches of the curves corre- 
sponding to the lower alcohols lie, in reality, at about equal logarithmic 
distances, a rough estimate may be made of this distance by using two 
curves which le far apart in fig. 4. For this purpose the curves for n- 


1) It has only lately been found that stock phosphatide suspensions — when 
stored in the refrigerator — practically do not change their properties during a week. 
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heptanol and methanol were taken (n-octanol presumably 1s already too 
close to the transition from salicylate demanding into salicylate-sparing). 
From fig. 4 it is read off that —4=10 % is reached at log C=0.60-3 


-2o Ao 


a3 -2 -1 0 +1 


Fig. 4. Shift of the maximum of the 1/t curve as a function of the aleohol concen- 
tration (see text) 


with n-heptanol and at log C= 0.00 with methanol. This gives a logarithmic 
distance of 2.40 for the six steps, thus for one step 0.40. This means 
that each following term of the homologous series needs only a concen- 
tration that is 2.5 times smaller than is needed for the preceding alcohol 
to exert the same effect. This factor is of the same order of magnitude 
(between 2 and 3) as found in the case of different anionic and cationic 


long chain electrolytes for similar alcohol influences (e.g. shift of the 
coacervation limit). 


7. Discussion. Unity and Diversity in the colloid chemistry of long 
chain electrolytes 


A, Unity in the natural series of colloid systems 


The results of the present investigation allow the three places which 
are left open in the survey given in part I of this series to be filled up. 
Thus we obtain the survey below, in which (as in part I) solid arrows 
in the upper row refer to the action of a suitable salt (e.g. KCl in the 
case of K-oleate) and dotted arrows in both rows to the action of a suit- 
able polar organic non-electrolyte (e.g. n-pentanol). The bold arrow 
in the lower row now refers to increasing concentrations of Na-salicylate, 
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which allows the hitherto unknown O-coacervates, elastic-viscous solutions 
and non-elastic solutions of phosphatides to be obtained from the suspen- 
sion of the smectic phase. 

The survey shows clearly that there exists a close correspondence 
between the colloid chemistry of cationic or anionic association colloids 
and of amphoionic association colloids. The same characteristic systems 
mentioned can be realised reversibly one from the other, and they 
follow in the same sequence. This close correspondence between the 
analogous systems as shown by the survey must reside in comparable 
states of the micelles and secondary associations of the micelles. 


B. Diversity of means to influence the charge pattern of 
the micelle 


According to Boors!), the changes which take place in the upper row of 
the survey from the non-elastic solution up to and including the smectic 
phase consist of: 


1. Progressive binding of the oppositely charged ion of the added salt 
to the ionized groups of the long chain anion or cation, which reaches 
about 100 % in the smectic phase. 

2. As a result of this binding, a transformation of the spherical micelles 
into sandwich micelles, which are already present in the elastic- 
viscous system, takes place. The latter grow out in extension in the 
coacervate and reach quasi infinite extension in the smectic phase. 

3. Secondary association of the sandwich micelles, by means of the 
charge patterns on the micellar surface takes place already in the 
elastic-viscous system (network formation responsible for the elastic 
phenomena). This interrelationship increases to the right (the network 
contracts to a coacervate), and leads to a parallelisation of the quasi 
infinite sandwich micelles in the smectic phase. 


In part I of this series it has already been pointed out that a simple 
link between the colloid chemistry of phosphatides (containing one positive 
and one negative ionized group) and detergents is given by considering 
the charge pattern of the micelle (quasi infinite extension) characteristic 
of the smectic phase (See fig. 5). From the amphoionic nature of the 
phosphatide it follows that the smectic phase is at once obtained from the 
contact between dry phosphatide and water (see vertical arrow pointing 
to the lower row). In the case of detergents (e.g. K-oleate) the most 
simple entrance to the sequence of colloid systems lies at the left end 
(see vertical arrow pointing to the upper row). Here sufficient salt (e.g. KCl) 
must be added to arrive at a degree of occupation of about 100 % by 


oppositely charged ions (e.g. K-ions to the COO groups situated at the 
surface of the sandwich micelle). 


) H. L. Boor in H. R. Kruyt, Colloid Science II, See chapter XIV (Elsevier, 
1949). 
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Fig. 5 shows that the pattern of charges on the micellar surface is very 
similar both for a phosphatide and a detergent. In both cases the ratio of 
positive and negative charges is 1:1. This can be expressed by saying 
that the positive and negative charges compensate each other. 


“"S@ 080082080000 
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Fig. 5. Correspondence in the charge pattern of platemicelles of phosphatides 

(A) and of detergents with -100 % bound oppositely charged ions (B). It must 

be realized that the exact geometrical pattern at the surface of the micelles is not 

known. It seems possible that the oppositely charged groups form a charge mosaic 
in one plane 


When starting from the smectic state in the upper row the salt concen- 
tration is diminished (e.g. the KCl concentration in the case of K-oleate) 
the binding of the oppositely charged ions diminishes and electrical 
decompensation takes place. As a result we pass successively the O- 
coacervates, the elastic-viscous systems to arrive at the non-elastic 
solution. 

The result of the present investigation shows that a smectic phosphatide 
suspension is successively transformed into O-coacervates, elastic-viscous 
systems and non-elastic solution by increasing concentration of Na- 
salicylate. This leads to the conclusion that Na-salicylate brings about 
decompensation of the charge pattern on the surface of the phosphatide 
micelle. 

As the pH of the phosphatide systems ( containing Na-salicylate elastic- 
viscous systems and non-elastic solutions) lies about neutrally, this 
decompensation cannot be the result of a de-ionisation of one of the 
charged groups of the phosphatide. There remains that one of the ions 
of Na-salicylate is preferentially bound to the surface of the phosphatide 
micelle. A recent investigation on the action of N a-salicylate on solutions 
of cetyltrimethylammoniumbromide revealed that a) the salicylate ion 
has a marked affinity for the quaternary ammonium group, and 6) that 
the salicylate ion is probably bound, with the benzene ring lying flat on 
the surface of the micelle1). This orientation may change at higher 
concentration (and at increase of the temperature). 


1) H.G. BuncEenBerG DE Jone, H. J. van DEN Bera and W. W. H. WEIJZEN, 
these Proceedings, Series B 58, 135, 147 (1955). 
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As the main constituent of egg-phosphatides (phosphatidyl choline) 
contains a quaternary ammonium group, it may be concluded that the 
decompensation of the charges on the phosphatide micelle is caused by 
a similar binding of the salicylate ion, and the peculiar orientations of 
the bound salicylate ion may also play a role in suppressing the inter- 
micellar interactions. 


C. Unity and Diversity in the action of alcohols on 
elastic-viscous systems and O-coacervates 


It was found in section 6 that the lower alcohols (methanol up to and 
including n-octanal) exert a salicylate-sparing influence with respect to 
the coacervation limit, the higher alcohols (here n-nonanol and n-decanol) 
a salicylate-demanding influence. A transition of the action of alcohols 
somewhere in the homologous series is common occurrence in the case of 
anionic and cationic detergents, for instance with oleate + KCl between 
n-aethanol and n-propanol#); with cetyltrimethyl-ammoniumbromide + 
KCNS between n-butanol and n-pentanol 2). Invariably it is found that 
the lower alcohols exert a salt-demanding influence, the higher alcohols a 
salt-sparing influence. The results in section 6 seem, therefore, to be quite 
the reverse as in the case of cationic and anionic detergents, but this only 
results from the fact that the action of Na-salicylate on the phosphatide 
(smectic phase > O-coacervate — elastic-viscous solution — non-elastic 
solution) is just the reverse with respect to that of salts on detergents 
(non-elastic solution —> elastic-viscous solution — O-coacervate — smectic 
phase). 

Actually, a salicylate-demanding action of an alcohol in the case of 
phosphatides equals that of a salt-sparing action of an alcohol in the case 
of simple detergents. Similarly, a salicylate-sparing action of an alcohol 
in the case of phosphatides equals that of a salt-demanding action of an 
alcohol in simple detergents. 

Thus there exists a uniformity in the action of alcohols on long chain 
electrolytes (anionic, cationic and amphoionic). Those terms in the homo- 
logous series which lie before the transition tend to bring about a change 
to the left in the sequence: non elastic solution — elastic-viscous solution — 
O-coacervate —smectic phase, whereas the terms beyond the transition 
tend to bring about a change to the right in the same sequence. 

On the other hand there is also diversity in long chain electrolytes with 
regard to the place of the transition term in the homologous series, which 
depends on the nature of the long chain electrolytes (e.g. length of carbon 
chain) and possibly on other factors which have not yet been sufficiently 
investigated. 


1) H. L. Boor, C. J. Voarisane and J. C. Lycxnama, these Proceedings 53, 
59 (1950). 

*) H. G. BuNGENBERG DE Jona and A. Recourt, these Proceedings, Series 
B56, 451, 461 (1953). 
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8. Short summary of parts I and II 
When it is tried to condense the main results of parts I and IT of this 


series, we obtain the following points: 


iN 


bo 


A useful entrance to the study of the colloid chemistry of phosphatides 
consists in considering the latter as association-colloids. 
With this as a guide and taking into account that phosphatides are 
amphoionic association-colloids, it has been possible to show the close 
correspondence between the colloid chemistry of simple detergents and 
of phosphatides. 
This leads to unity in the colloid chemistry of long chain association- 
colloids (anionic, cationic and amphoionic), and explains the diversity 
of the means to arrive at analogous colloid systems (non-elastic 
solutions, elastic-viscous systems, O-coacervates, smectic phase and 
P-coacervates). 
Department of Medical Chemistry, 
University of Leyden. 
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THE HYDROLYSIS AND AMINOLYSIS OF ETHYL THIOACETATE 
IV. ADDITIONAL EXPERIMENTS AND REACTION SCHEMES 
BY 


J. To. G. OVERBEEK anp V. V. KONINGSBERGER 


(Communicated at the meeting of June 25, 1955) 


1. Introduction 

In some preceding papers we presented the results of measurements 
at 25°C and 37°C of the alkaline hydrolysis and the aminolysis by 
glycine of ethyl thioacetate (E.T.A.) [1-5]. 

Meanwhile, we have carried out some additional experiments, the 
results of which are presented in this paper. Furthermore, reaction 
schemes for both processes are proposed. 


2. The alkaline hydrolysis 

The alkaline hydrolysis of E.T.A. proved to occur according to two 
different mechanisms. One of these involves a reaction which is of first 
order in OH~ ion concentration over the whole pH range investigated 
and prevails at high pH (pH > 10). The second mechanism, prevailing at 
rather low pH (pH<9), involves a stepwise mechanism with a mono- 
molecular activation reaction or a bimolecular complex formation 
followed by a reaction of first order in OH ion concentration. On the 
analogy of the ester-water complex formation of oxygen esters, it was 
assumed [1, 2] that an intermediary E.T.A.-water complex is formed. 
Consequently, the following reaction scheme was proposed [2] for the 
alkaline hydrolysis of K.T.A.: 


Ko 
K.T.A.+H,O — Oy and: K.T.A.+OH- aot hydrol. products 


Ny 


C,+ O0H- =e hydrol. products. 


A kinetic analysis of this scheme yields the following equation [2] for 
the disappearance of E.T.A. with the time of incubation: 


s d [H.T.A.] 
dt 


(1) Yo 


with K,’=K, [H,O]. 

In the first place, the alkaline hydrolysis experiments at high pH and 
at 37° C were repeated with E.T.A. solutions in 50 vol % water —50 vol % 
dioxane mixtures: as K, may also refer to a monomolecular activation 


r? {\ : 
= Kj [E.T.A.] [OH] 1+K,/K,[OH] 
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reaction, it was hoped that a possible change in K,’ would yield a direct 
proof of the assumed E.T.A.—H,0 complex formation, 

The dioxane proved to disturb the determination of E.T.A. by acetyl 
hydroxamate formation in the usual way [1, 2]. Therefore we determined 
the concentrations of the thioester in samples of the reactionmixture 
according to the method described by Hawkins and Tarpetr Meal 


The extinction at 233 my due to the thioester was determined in 0.01 N HCl 
solutions by means of a Unicam ultra-violet spectrophotometer SP 500. Rate 
constants were calculated from the extinction data in the usual way [2]. 


The results are listed in table I. 


TABLE I 


Alkaline hydrolysis of E.T.A. in 50 vol % water — 50 vol % dioxane, at 37°C 
and at high pH. [OH] was calculated from the composition of the reaction mix- 
tures *). The first order rate constant Kp, is defined as: 


— d[E.T.A.]/dt 


Robs = [E.T.A.] 


In exp. A8, A9 and Al0 [E.T.A.] was equal to [OH]; second order rate constants 
were calculated directly from the extinction data in these experiments. 


————_—_—_— 


OH] x 108 Kg 108 K,,,/[OH] 
le | ml-!) ces (ml See: sec—!) 
a 
Al | 135 | 11500 108 
A2 50 6000 120 
A3 25 3070 123 
A4 12.5 1470 118 
A6 7.0 | 730 104 
AZ 5.0 640 128 
A8 | 2.5 | se 170 
AQ 1.25 a= 230 
Al0 1.8 = 200 


*) We have measured the specific conductivity at 25° C of various concentrations 
between 0.06 and 0.0006 N NaOH in 50 vol % water — 50 vol % dioxane in order 
to check whether the NaOH was completely dissociated. The equivalent conduc- 
tivity was about 111 2-1 cm? gr eq-* independent of the concentration within 
the rather low accuracy of the experiment. 


A kinetic analysis of the data listed in table I according to eq. (1) 
(see [2]) leads to the following results and comparisons : 


K, in 50 vol % H,O—50 vol % dioxane: Ko = 15 X 10 gee! 


Ky in-H,0 ce = 16% 10-*igecnt 

ik 
K, in 50 vol % H,O—50 vol % dioxane: K,=110 ml mol-! gec-! 
K, in H,0 : K,=150 ml mol sec 


An increase of K} was found instead of the expected decrease at lower 
[H,O]. Consequently, the assumed E.T.A.-water complex formation is 
19 Series B 
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not necessarily wrong, but its velocity may be dependent on the solvent 
used. This may also be the case with the hydrolysis reaction catalyzed 
by OH™- ions: (K,). 

It is evident, however, that more data on measurements with other 
solvents mixtures are needed in order to obtain a clear picture of the 
reactions involved in the alkaline hydrolysis of E.T.A. 


Furthermore, it was desirable to isolate ethyl mercaptane and to 
determine it semiquantitatively from an alkaline hydrolysis experiment 


in order to localize the cleavage of the SC C 8 Cg group during 
O 

the alkaline hydrolysis of E.T.A.: ~ 100 % of the theoretical yield of 

ethyl mercaptane was isolated as the Ag-mercaptide after an alkaline 

hydrolysis experiment [5]. 


3. The aminolysis by glycine 
The aminolysis by glycine of E.T.A. proved to be a rather complicated 


process: in order to explain our kinetic data we have assumed the following 
overall reaction scheme: 


C,+ RNH, ar ¢2 and: E.T.A.+ RNH, =e aminol. products 
E.T.A.+2RNH, —> 
E.T.A.+RNH,+OH- —> 

where RNH,=—-~OOC—CH,NH,. 
After some preliminary experiments, we isolated acetyl glycine as the 
aminolysis product at 37°C and pH ~8.5 [1]. Afterwards, it became 
clear that it was formed during the spontaneous (K,) and glycinate 

catalyzed (IKX,) aminolysis reactions. 

Moreover, from our data it follows that it would be difficult to isolate 
acetyl-glycine as the product of the reaction between glycinate and 
complex C, (K;): under the most favourable conditions ([OH] x 0) only 


a fraction of about 40 % [5] of the total yield would be attributable to 
this reaction. 


2? 99 


93 


4. A reaction scheme for the alkaline hydrolysis and aminolysis of ethyl 
thioacetate . 
As it has been stated before [5], only a vague suggestion can be made 
about the first alkaline hydrolysis reaction: both a monomolecular acti- 
vation reaction and a bimolecular complex formation may be assumed. 
If this latter assumption would be right, a thioester of the following 
structure may be involved: 


on 
CH,— o —~8-6,5, 
OH 
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Intermediate formation of a similar complex between oxygen esters and 
water has been proved by BrnpEr [7] and his collaborators. However, 
at the moment it seems too speculative to propose any structural reaction 
scheme for the alkaline hydrolysis reaction of E.T.A. involving complex C,. 

A structural reaction scheme for the second alkaline hydrolysis reaction 
of E.T.A. (K,) is drawn in ie 1. 


HYDROLYSIS of E.T.A. 


@r 
Sema Ne 
CH,-C-SC, H, + OH=3CH,- CPSC, H+ ICH, - GA, SH 
I enn 


Fig. 1, A reaction scheme for the alkaline hydrolysis of E.T.A. (K,) 


This scheme is quite similar to the commonly accepted reaction scheme 
for the alkaline hydrolysis of oxygen esters. The E.T.A. molecule (I) is 
polarized by an approaching OH-ion and a reactive complex (II) is 
formed, which decomposes in a rate-determining step into the acetyl 
ion and an ethyl mercaptane molecule or mercaptide ion. Attention 
should be drawn to the fact, that water may be involved in the decom- 
position of complex IT. 

A structural reaction scheme for the aminolysis of E.T.A. is drawn 
als ees 


AMINOLYS/S of E.7.A. 


OH (o)? aminol.products 
| | (=) 
CH;-C-SC,H, CH,-C8§-+SC,H, XS cH, CO+HSC,H, 

! ate 
NH Pappy NH 
RA wu Zs Hine 0 R 
t oe 

O 0° of OH" 0? 

i le 6 st \le. @ K8 

CH,- C-SC,H,+RNH, =; CH, a w--- SCH, es CH — a $C, H, =? aminol. products 


+OH 


= HNH 1 Ww HNM OO 
R ~~ R 
Po? 
+RNH. Lk. 
2 st EN Ii ® K7 


2) 
CH,-C--$>SC,H, _“£ aminol. products 


fea 


HNH” TT 
A 
Fig. 2. A reaction scheme for the aminolysis of E.T.A. (K,, K, and K,) 


An E.T.A. molecule (I) is polarized by an approaching glycine (RNH,) 
molecule, which causes an inductomeric or I, effect, specially on the sulfur 
atom. An activated complex (II) is formed, which is in equilibrium with 
complex III. Complex II decomposes spontaneously in a rate determining 
step into the aminolysis products, acetyl glycine and ethyl mercaptane 
(K,). This decomposition, however, is catalyzed by the approach of an- 
other RNH, molecule or an OH~ion: the sulfur atom is polarized some- 
what more than in the complex II and the ethyl mercaptide ion is repelled 
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electrostatically by the RNH, molecule (IX,) or the OH~ion (Kg). Bond- 
formation occurs between the carbonyl carbon and the aminogroup 
nitrogen. Of course, complex III may give similar reactions, but then 
a proton has to be repelled from the carbonyl oxygen. Generally speaking, 
the scheme for the uncatalyzed aminolysis reaction has very much in 
common with KosHLAND’s [8] scheme for the aminolysis of acyl-phos- 
phate derivatives and with ScHwyzeErR’s [9] scheme for the aminolysis 
of thioester compounds. 

The reaction catalyzed by an amino group has not been described 
before. It may be, however, that physiological analogues of this type 
of reaction can be found in the transpeptidation processes. Let us assume, 
for example, that a di- or polypeptide R, -CO—NH—R, reacts with a 
sulfhydryl group of the catalyzing enzyme to form an activated complex 
of similar structure as complex II in fig. 2. Then the = C—S-bond may 
be disrupted on the approach of another peptide or amino acid R,—NHg. 
Moreover, in the transition state bond formation may occur between the 
activated carbonyl carbon of the peptide bond and the nitrogen of R, —NH,: 
then a new peptide, R, -CO—NH —R, is formed under removal of R,NH, 
from the complex. An outline of this reaction is given in fig. 3. 


R, CONHR, 
5 0° 8 +R,NH, 
tl le @ R~ le 2@ t+HS-E: 
R-C+HS-Enz == R- G--S—Enz+R,NH, —_~ aa 7 
| Pe 
NH HNH HNH- 
| \ | HNH 
R, R, Ry J R, CONHR, 
= +R,NA, 
+HS-Enz 


Fig. 3. A hypothetical transpeptidation reaction, outlined as an analogue of the 
aminogroup catalyzed aminolysis of E.T.A. 


The OH~ion catalyzed aminolysis reaction has been described by 
Hawkiys and TarsBeiu [6]. These authors have proposed a reaction 
scheme differing slightly from that drawn in fig. 2. They assume that the 
OH-ion catalysis would be a removal of a proton from the aminogroup 
nitrogen by an OH-ion. 

Finally, little—if anything—can be said about the reaction between 
complex C, and glycine. If the assumption of a rate-determining ester- 
hydrate formation would be right, a repelling interaction of the RNH, 
molecule might be involved: in this case hydrolysis products might be 
formed during the reaction between complex C, and a RNH, molecule. 
However, a striking parallelism may be noticed between the OH-ion — 
and RNH,~—catalyzed breakdown of the E.T.A.—RNH, complex and 
the similar reactions of complex C,. K, would then correspond to a 
spontaneous decomposition of C, which should occur but which is probably 
too slow to be measurable. K, corresponds to K; (RNH,-catalysis) and 
Kg to K,; (OH-ion catalysis). 
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5. Summary 


Additional data are presented, obtained during a study on the alkaline 
hydrolysis of ethyl thioacetate in 50 vol % water— 50 vol % dioxane 
mixtures. 

Furthermore, reaction schemes are proposed for both the alkaline 
hydrolysis and aminolysis of ethyl thioacetate. 


(Van °*t Hoff Laboratory, 
University of Utrecht) 


BIBLIOGRAPHY 


1. KONINGSBERGER, V. V. and J. Tu. G. OvERBEEK, Proc. Kon. Ned. Ak. v. Wet. 
B 57, 81 (1954). 

2. OVERBEEE, J. TH. G. and V. V. KONINGSBERGER, Proc. Kon. Ned. Ak. v. Wet. 
B 57, 311 (1954). 

3. ————— and —--—__, Proce. Kon. Ned: Ak. v. Wet. B57, 464 (1954). 

4. KoNINGSBERGER, V. V. and J. Tu. G. OVERBEEK, Proc. Kon. Ned. Ak. v. Wet. 

B 58, 49 (1955). 
KONINGSBERGER, V. V., Thesis, Utrecht (L955). 


ae 

6. Hawkins, P. J. and D. S. TARBELL, J. Am. Chem. Soc. 75, 2982 (1953). 

7. Brenper, M. L., R. D. Grncer and K. C. Kemp, J. Am. Chem. Soc. 76, 3350 
(1954). 

8. KosHLAND, D. E., J. Am. Chem. Soc. 73, 4103 (1951). 


ScHwyzer, R., Helv. Chim. Acta 36, 414 (1953). 


= 


CHEMISTRY 


KOLORIMETRISCHE PHOSPHOR BESTIMMUNG IN 
PHOSPHORLIPIDEN 


VON 


A. E. F. H. MEIJER *), *) 


(Communicated by Prof. H. G. BUNGENBERG DE JONG at the meeting of April 23, 55) 


Wiihrend der letzten dreissig Jahre sind sehr viele kolorimetrische, 
gravimetrische, nephelometrische, gasometrische und massanalytische 
Phosphorbestimmungsmethoden ausgearbeitet worden. 

Im allgemeinen interessiert man sich am meisten fiir die kolorime- 
trischen Methoden, weil diese weniger Zeit fordern und geeignet sind fiir 
mikro-analytische Arbeit. 

Bei weitaus den meisten kolorimetrischen Bestimmungen wird die in 
der Lésung befindliche Phosphorsaéure in Phosphormolybdansaure ver- 
wandelt. Die Phosphorsiure war bereits als solche anwesend, oder war 
durch Destruktion mit konzentrierter Schwefelsiure aus organischen 
Verbindungen entstanden. Mit einem geeigneten Reduktionsmittel wird 
die Phosphormolybdansaéure reduziert zu blaufarbigen Molybdanoxyden 
von denen die Farbenintensitat abhangig ist von der Quantitait Schwefel- 
siure, die in der Losung befindlich war. 

Das Reduktionsmittel soll verschiedenen Anforderungen geniigen. Die 
Phosphormolybdansiure soll quantitativ und vorzugsweise nicht zu 
langsam, zum Beispiel innerhalb dreissig Minuten, reduziert werden. 
Die in der Lésung befindliche Molybdinsiure hingegen, darf in dieser 
Zeit noch nicht in nachweisbaren Quantititen reduziert sein. Nicht jedes 
Reduktionsmittel kann diesen Anforderungen geniigen. 

Verschiedene Reduktionsmittel sind fiir die Phosphorsiure Bestim- 
mungen verwendet worden. So verwendeten Bett und Dorsy [1] Hydro- 
chinon. Ebenso wurde Hydrochinon yon Briaas [2]; RanpiEes und 
Knupson [3]; WarrEHORN [4]; CHoprA und Roy [5] und Ron, Irtsa 
und Boyp [6] verwendet. 

Weil die Farbenentwicklung mit Hydrochinon nicht so schnell vor sich 
geht, suchte man nach anderen Reduktionsmitteln. 

Fiskn und SuBBaRow [7]; LonmMANN und JENDRASSIK [8] und eben- 
falls Kine [9] verwendeten als Reduktionsmittel 1 Amino-2 Hydroxy- 


*) Die vorliegende Untersuchung wurde mit Unterstiitzung der Niederlindischen 
Organisation fiir Reinwissenschaftliche Forschung (Z.W.O.) ausgefiihrt. 
*) Publikation No. 29 der Biochemischen Forschungsgruppe unter der Leitung 


von H. G. BUNGENBERG DE Jone, T. H. vAN pEN Honert, E. Havinea und 
He le Boom 
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naphtalen-4 Sulfonsiure (Eikonogen), welche eine kiirzere Zeit fiir die 
Farbenentwicklung brauchte. 

Etwas geindert, aber mit demselben Reduktionsmittel sind die Metho- 
den von: Stewart und Henpry [10]; Kraryick [11] und HORECKER, 
Ma und Haas [12]. 

Um die Zeit, nétig fiir die Farbenentwicklung um so mehr zu ver- 
kiirzen, wurden die Lésungen oft erwirmt. Kurrner und Conen [13, 14, 
15] verwendeten Stannochlorid. Dies ist ein sehr kraftiges Reduktions- 
mittel; die Farbenentwicklung geht sehr schnell vor sich; schon nach 
wenigen Minuten ist die maximale Farbe erreicht. 

BERENBLUM und CuHarnN [1 6] kritisierten diese Methode und Anderten 
sie indem sie die Phosphormolybdansaure mit Isobutanol extrahierten 
und dann mit Stannochlorid reduzierten fea 

BEVERIDGE und JoHnson [18] verwendeten als Reduktionsmittel 
Hydrazinsulfat. Auch Amidol ist als Reduktionsmittel verwendet 
worden [19]. 

Eine ganz andere kolorimetrische Bestimmungsmethode ist diejenige 
von Lizsorr [20]. Die Phosphorsiure wird, nachdem sie sich erst mit 
Uranylacetat als Uranylphosphat niedergeschlagen hat, in Trichloressig- 
sdure aufgelost. Mit Kaliumferrocyanid wird dies reduziert, wobei stark 
gefirbte Verbindungen entstehen, von denen die Extinktion gemessen 
wird. 

Wenn man die umfangreiche Literatur iiber die kolorimetrische Phos- 
phorbestimmungsmethoden durcharbeitet, bekommt man den Eindruck 
alsob man versucht die Bestimmungszeit so viel wie méglich zu ver- 
kiirzen. All zu wenig hat man dabei beachtet, ob man die ausgearbeiteten 
Methoden betreffs der Zuverlassigkeit wohl verantworten kénnte. 

Beschrieben wird eine Vorschrift fiir kolorimetrische Phosphorbestim- 
mungen in Phosphorlipiden, wobei als Reduktionsmittel Hydrochinon 
verwendet worden ist. Nach Besprechung dieser Vorschrift wird diese 
Methode verglichen werden mit einigen anderen kolorimetrischen Phos- 
phorbestimmungsmethoden, welche besonders in der Klinik momentan 
oft Verwendung finden und zwar: 


1. Die Methode von Fisk und SupBarow mit als Reduktionsmittel 
1 Amino-2 Naphtol-4 Sulfonsaure. 

2. Die Methode von KutTtrnreR und CoHEN mit als Reduktionsmittel 
Stannochlorid. 


Besonders wird beachtet werden: 


die Art der Destruktion 

der Einfluss der Zeit auf die Extinktion 

der Einfluss des pH auf die Extinktion 

der Einfluss der Temperatur auf die Extinktion. 


Rome obo at 


Die ganze Untersuchung ist mit einem einfachen Kolorimeter gemacht 
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worden (GALLENKAMP no. 3615). Die spezifische Extinktion (K=E/CD) 
der starken blauen Farbe ist derart, dass das zu dem Kolorimeter ge- 
horende Ilford Filter no. 607 fiir die Untersuchung geeignet ist. 


Allgemeine Vorschrift 
Reagenzien 

1) Molybdansaiure Lésung. 

25 gram Ammonmolybdat wird gelést in ungefahr 25 ccm destilliertes 
Wasser, dann wird 25 ccm konzentrierte Schwefelsdure hinzugefiigt und 
das Ganze angefiillt bis 500 ccm. 

2) Hydrochinonlésung. 

0,5 Gram Hydrochinon und 15 Gram Natriummetabisulfit werden in 
100 ccm distilliertes Wasser gelést. Diese Lésung ist zwei Wochen haltbar. 

3) Standard-Phosphatlésung. 

438,9 Mg. Monokaliumphosphat wird gelést in 1 Liter destilliertes 
Wasser. 1,0 com dieser Lésung liefert 0,1 Mg Phosphor. Durch Hinzu- 
fiigung einiger Tropfen Chloroform, kann die Lésung konserviert werden. 

Man pipettiere in jedes Kjeldahl-Destruktions Kélbchen von 100 ecm 
Inhalt, eine bestimmte Quantitit einer zu destruierenden Phosphor- 
enthaltenden Lésung. (z.B.: Phosphorlipiden gelést in 2-10 eem Chloro- 
form). Man kann mit dieser Methode 0,1-0,8 Mg. Phosphor bestimmen. 

Vorsichtig dampft man das Lésungsmittel ab *). Weiter 0,5 cem konz. 
H,SO, hinzufiigen +), und destruieren auf einer kleinen Flamme, derart 
dass keine schwefelsiure Nebel dem Kélbchen entweichen. Um die ver- 
kohlte Substanz so schnell wie méglich zu oxydieren, fiigt man dann 
und wann einige Tropfen Wasserstoffperoxyd 30 % (Perhydrol) hinzu. 
Man wiederholt die Hinzufiigung von Perhydrol genau so lange, bis die 
Lésung farblosgeworden ist. Weil das Perhydrol die Farbenreaktion 
beeintrachtigt, erhitzt man, nachdem es farblos geworden ist, den Inhalt 
noch einige Minuten, damit das Perhydrol vollig verschwunden ist. 

Darauf wird der Inhalt des Kélbchens quantitativ in ein Masskélbchen 
von 100 cem Inhalt gebracht. 

Dann wird 0,75 cem 25 % NH, Lisung hinzugefiigt. Den Inhalt mit 
destilliertem Wasser verdiinnen bis ungefahr 75 cem wonach man 5 ccm 
Molybdansiurelésung und 2 cem Hydrochinonlésung hinzufiigt. Anfiillen 
mit destilliertem Wasser bis 100 cem. Den Inhalt des Kolbes mischen 
und 30 Minuten ins Dunkel stellen, wonach man die Extinktion bestimmt 
und vergleicht mit der Standardgerade. Um die Genauigkeit der Bestim- 
mungen zu vergrossern empfiehlt es sich die Methode drei- oder viermal 
zu wiederholen. Die Lésungen sollen immer dieselbe bestimmte Standard- 
temperatur haben. Alle Chemikalien sollen chemisch rein sein. 


*) Wenn man eine wiisserige Lésung hat, ist es besser sofort SO, hinzuzufiigen. 

*) Wenn fiir die Destruktion 0,5 cem konz. H,SO, zu wenig ist, kann man auch 
1,0 com konz. H,SO, nehmen. Man muss dann nach Ablauf der Destruktion 1,5 eem 
25 % NH, Lésung hinzufiigen, statt 0,75 ccm. 


bo 
-~l 
On 


Besprechung der Vorschrift 
Die Standardgerade 


In 4 Masskolben von 100 ccm wurde 0,5 cem Standard Phosphatlosung 
gebracht. Nach Vorschrift ist die Farbe bei Zimmertemperatur entwickelt 
worden. Fiir den Nullversuch wurde eine Lésung verwendet, welche 
5 cem Molybdansaure Lésung und 2 com Hydrochinonlésung per 100 com 
enthielt. In derselben Weise wurde die Farbenintensitat bei anderen 
Phosphatkonzentrationen gemessen. Alles dreifach wiederholt. Die Null- 
versuche zeigten nach sechs Stunden noch keine blaue Farbe. In Fig. 1 
Gerade A ist E x 100 ausgezeichnet worden gegen Mg P/100 cem. 

Die durchschnittlichen relativen Fehler sind maximal ungefahr 1 °%,. 


60 E x 100 ee 
vie oe 
eke 
50 oo ae B 
Dae 
40 ee 
ey : 
=o ae 
20+ EE 
Pee ee 
Mh ee pee ane Cc 
Pee pal ab 
_ 
ape aay os ae 
MG F/400 CCM 0.4 0.8 


Fig. 1. Zusammenhang zwischen E x 100 und Mg P/100 ccm. Als Reduktions- 
mittel ist Hydrochinon verwendet worden. Die Extinktionen wurden nach 30 
Minuten bestimmt. Wir sehen, dass durch Saurehinzufiigung E x 100 abnimmt. 
A. Ohne konz. H,SO,; oder mit 0,5 com konz. H,SO,/100 cem und 0,75 cem 25 % 
NH,/100 ccm; oder mit 1,0 cem konz. H,SO,/100 eem und 1,50 ecm 25 % NH,/100 
ccm. B. Mit 1,0 cem konz. H,SO,/100 cem. C. Mit 2,0 cem H,SO,/100 ccm, 


Einfluss des pH auf die Extinktion 

Weil nach Vorschrift die Phosphorverbindungen mit konz. Schwefel- 
sdure destruiert werden, liegt es auf der Hand den Einfluss von Schwefel- 
sdure auf die Extinktion zu untersuchen. 

In derselben Weise wie bei den vorhergehenden Bestimmungen wurde 
die Farbe entwickelt, aber in die Masskolben wurde obendrein 1,0 ccm, 
beziehungsweise 2,0 com konzentrierte Schwefelsdure hinzugefiigt. Extink- 
tion nach 30 Minuten gemessen. 

In Fig. 1 (Geraden B und C) ist E x 100 ausgezeichnet worden gegen 
Mg P/100 ccm. 

Wir sehen, dass durch Saure hinzufiigung E x 100, wenn wir diese 


nach 30 Minuten bestimmen, abnimmt. 
Fiir das Destruieren ist aber konzentrierte Schwefelsiure erforderlich. 
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Es wurde untersucht, ob teilweise neutralisieren mit Ammoniak wieder 
die urspriingliche Gerade geben wiirde. 

Es stellte sich heraus, dass wenn man destruiert mit 0,5 ccm konz. 
Schwefelsiure und nach der Destruktion 0,75 cem 25 % Ammoniak Lésung 
hinzufiigt, oder wenn man destruiert mit 1,0 cem konz. Schwefelsaure 
und nach der Destruktion 1,50 ecm 25 9% Ammoniak Lésung hinzufiigt, 
man dieselbe Extinktionen bekommt, wie bei der Standardgerade. Die 
bestimmte’ Gerade fallt ganz zusammen mit Gerade A von Fig. 1. 

In derselben Weise wie bei der Bestimmung der Standardgerade ist die 
Extinktion entwickelt worden. Zur Kontrolle wurde auch verschiedene 
Destruktionen angewendet. In Kjeldahlkolben wurde etwas P-freies Fett 
mit Hinzufiing einer bekannten Quantitit Phosphat und mit der an- 
gegebenen Quantitaét Schwefelsiure destruiert. In den Masskolben wurde 
die erforderliche Quantitét Ammoniak hinzugefiigt. 

Die durchschnittlichen relativen Fehler sind 1%. Weitere Unter- 
suchung zeigte, dass der Sauregrad, bei der Vorschrift gewahlt, fiir die 
Farbenbildung der Giinstigste ist. 

Wenn die Lésung, in welcher man die Farbenintensitaét nach 30 Minuten 
misst, sauerer oder basischer gemacht wird, dann zeigt es sich, dass die 
Extinktion geringer ist. 


Einfluss der Zeit auf die Hxtinktion 


Statt nach 30 Minuten, sind die Extinktionen nach verschiedenen Zeit- 
punkten bestimmt worden. Diese Untersuchung wurde mit verschiedenen 
Phosphatkonzentrationen und bei verschiedenem pH gemacht. Aus Fig. 2 
und 3 zeigt es sich, dass nach 30 Minuten noch kein Farbenmaximum 
erreicht worden ist. Dies gilt besonders fiir die hGheren Phosphatkonzen- 
trationen. 


ZEIT IN MIN. 30 60 ZEIT IN TAGEN, 2 3 4 5 
Fig. 2 Fig. 3 

Fig. 2. Einfluss der Zeit auf die Extinktion. Statt nach 30 Minuten, wurden die 

Extinktionen nach verschiedenen Zeitpunkten und mit verschiedenen Phosphat- 

konzentrationen bestimmt. Als Reduktionsmittel ist Hydrochinon verwendet 

worden. A. 1,0 Mg P/100 cem; B. 0,4 Mg P/100 cem; C. 0,1 Mg P/100 ccm. 

Ohne konz. H,SO, 

Fig. 3. Einfluss der Zeit und des pH auf die Extinktion. Die Extinktionen wurden 

nach verschiedenen Zeitpunkten, bei verschiedenen pH und mit verschiedenen 

Phosphatkonzentrationen bestimmt. Als Reduktionsmittel ist Hydrochinon ver- 

wendet worden. A, 0,3 Mg P/100 ccm; B, 0,1 Mg P/100 eem; ————— Ohne konz. 
H,SO,; - - —- -— - Mit 2.0 cem konz. H,SO,/100 eem 


vai i 


Das nach einander Messen von 4 Bestimmungen nimmt ungefahr 
2 Minuten in Anspruch. 
Wenn wir die Farbe messen nach: 


15 Minuten, also die Messungszeit ist 14-16 Minuten, dann ist der relative 
Zeitsfehler fiir P=0,4 Mg/100 ccm ungefabr 2 %. 

30 Minuten, also die Messungszeit ist 29-31 Minuten, dann ist der relative 
Zeitsfehler fiir P=0,4 Mg/100 cem ungefahr 0,8 %. 

45 Minuten, also die Messungszeit ist 44-46 Minuten, dann ist der relative 
Zeitsfehler fiir P=0,4 Mg/100 cem ungefahr 0,3 %. 

60 Minuten, also die Messungszeit ist 59—61 Minuten dann ist der relative 
Zeitsfehler fiir P=0,4 Mg/100 cem ungefahr 0,2 %. 

75 Minuten, also die Messungszeit ist 74-76 Minuten, dann ist der relative 
Zeitsfehler fiir P=0,4 Mg/100 ccm ungefahr 0,2 %. 


Aus Fig. 3 geht hervor, dass Hinzuftigung von Siure die Farbenbildung 
verzogert. Nach 5 Tagen ist die Extinktion der Bestimmungen mit den 
selben Phosphatkonzentrationen, worin wir 1,0 cem konz. He SO oder 
2,0 ccm konz. H,SO, hinzugefiigt haben, ungefahr dieselbe geworden, wie 
die Bestimmungen, in die wir keine Sure hinzugefiigt haben. 


Einfluss der Temperatur auf die Extinktion 

Bei den folgenden Extinktionsbestimmungen sind immer dieselbe Phos- 
phorséurekonzentration verwendet worden. Die Farbe wurde bei verschie- 
denen Temperaturen entwickelt und nach 30 Minuten gemessen. Gleich- 
zeitig wurde 1,0 ccm konz. H,SO, und 1,5 ccm 25 % NH, Lésung hin- 
zugefiigt. 


Temperatur ° C E x 100 
(E5556, PALO) PAIRS PATI AT) 
LS O21 DA) QP O) BN a! 
2002 B30) BQ == 
25,0° C Mel Bib 
40,0° C Hs) EL BS 


Daraus ergibt sich, dass der Einfluss der Temperatur nicht zu vernach- 
lassigen ist. 


Destruktion 

Man soll dafiir sorgen, dass wahrend der Destruktion fast keine schwefel- 
sduren Dampfe entweichen. Wenn dies geschieht bekommen wir fehler- 
hafte Resultate, dadurch dass das pH der Losung in welcher die Farbe 
entwickelt wird, sich geandert hat. 

Die Destruktion geschieht mit konzentrierter Schwefelsiure. Um die 
Oxydation zu beschleunigen fiigt man ab und zu ein paar Tropfen Perhy- 
drol hinzu. Diese Methode hat den Vorzug vor allen anderen Destruktions- 
methoden. Destruieren mit einer schwefelsiuren-salpetersauren Mischung 
ist zu verwerfen. Wenn man nach der Destruktion die Salpetersiure nicht 
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gut abdimpft, so bekommen wir keine guten Resultate [21, 6, 4]. Wenn 
wir die Salpetersiure abdampfen, so k6énnen wir Phosphorséure ver- 
heren [4, 6]. 

Weil die Extinktion sehr abhangig ist von dem Sauregrad der Lésung, 
ist es ersichtlich, dass abdampfen von Saéure verwerflich ist. 

Statt Perhydrol verwendet man auch eine Lésung von Kaliumpersulfat. 
Dies soll verworfen werden, weil Salze der Extinktion schaden [7, 22, 23]. 
Darum ist teilweise Neutralisation mit Ammoniak besser als die Neutrali- 
sation mit Lauge wie es in vielen Vorschriften steht. Weil man nur teil- 
weise neutralisiert, befindet sich am Ende in der Lésung weniger Ammon- 
sulfat als Natriumsulfat. Uberdies ist der stérende Einfluss von Ammon- 
sulfat geringer als von Natriumsulfat [6]. 

Man soll dafiir sorgen, dass man méglichst wenig Salze in die Lésungen 
bekommt. 

Danach wurde die Phosphorbestimmung auf ihrer Zuverlassigkeit 
geprift. 

Dreimal wurde der Phosphorgehalt eines Lecithinpriparates (Planticin 
alkoholléslich 90-95 % RimprL—p& Hain) bestimmt. 

Gefunden wurde, dass das Lecithin 3,00 + 0,04 + P enthielt. 

Mit Hinzufiigung einer bekannten Quantitat Phosphat wurde in der- 
selben Weise 3 Mal der Phosphorgehalt dieses Lecithinpraparates bestimmt. 

Gefunden: 3,03 + 0,03 % P. 

Zum Schluss wurde der Phosphorgehalt des Lecithinpriiparates gravi- 
metrisch nach einer bekannten Methode bestimmt. 

Gefunden: 2,99 + 0,02 % P. 


Bei der Methode von Fiskn und Supparow [7], welche oft angewendet 
wird, verwendet man als Reduktionsmittel 1 Amino—2 Hydroxynaphta- 
len—-4 Sulfonsiiure. Die Extinktionen werden schon nach einer Farben- 
entwicklung von 5 Minuten bestimmt. Diese Methode ist fiir Prizisions- 
arbeit nicht zu verwenden, weil eine Farbenentwicklung von 5 Minuten 
viel zu kurz ist, was aus Fig. 4 ersichtlich ist. 

Wenn die Vorschrift derart gedindert wird, dass man fiir Destruktion 
0,5 cem konz. H,SO, oder 1,0 cem konz. H,SO, verwendet, danach 0,75 com 
25 % NH; beziehungsweise 1,5 cem 25 °% NH, hinzuf ugt und eine Farben- 
entwicklung von 30 Minuten nimmt, ist die Vorschrift viel genauer 
geworden. Die also geiinderte Vorschrift weicht von der schon besproche- 
nen Vorschrift nur in dieser Hinsicht ab, dass statt Hydrochinon jetzt 
Eikonogen verwendet wird. 

Ks ist in derselben Weise wie bei der schon besprochenen Methode auf 
Zuverlassigkeit untersucht worden. Man bekommt eine ahnliche Figur 
wie Fig. 1 (A, B und C). 

Ks zeigt sich, dass auch mit Kikonogen die Extinktionen beeinflusst 
werden von dem pH. 


Aus Fig. 4 ist der Einfluss der Farbenentwicklungszeit auf die Extink- 
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tionen ersichtlich. Die Extinktionen sind nach verschiedenen Zeitpunkten 
und mit verschiedenen Phosphat-Konzentrationen bestimmt worden. Ks 
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Fig. 4 Fig. 5 


Fig. 4. Einfluss der Zeit auf die Extinktion. Statt nach 30 Minuten, wurden die 

Extinktionen nach verschiedenen Zeitpunkten und mit verschiedenen Phosphat- 

konzentrationen bestimmt. Als Reduktionsmittel ist Eikonogen verwendet worden. 

A, 1,0 Mg P/100 ccm; B, 0,5 Mg P/100 cem; C, 0,1 Mg P/100 cem; Ohne konz. H,SO, 

Fig. 5. Methode von Kurrner und Couen. Zusammenhang zwischen E x 100 

und Mg P/100 cem. Als Reduktionsmittel ist Stannochlorid verwendet worden. 
Die Extinktionen wurden nach 1 Minute bestimmt 


ist klar, dass, obschon Eikonogen starker wirkt als Hydrochinon, maxi- 
male Extinktion nach 5 Minuten noch nicht erreicht worden ist. Der 
Einfluss der Temperatur auf die Extinktion ist uberhaupt geringer als mit 
dem Reduktionsmittel Hydrochinon. Bestimmungen mit denselben Phos- 
phatkonzentrationen, welche bei verschiedenen Temperaturen zwischen 
18° C-30° C gemacht worden sind, geben praktisch dieselben Extink- 
tionen. Nullversuche geben immer keine Extinktion. 


Das Reduktionsmittel Stannochlorid wird momentan fiir kolorime- 
trische Phosphorbestimmungen sehr viel verwendet. 

KuttNerR und Cowen [13] sind wohl von den ersten gewesen die 
Stannochlorid angewendet haben. Auf dieser Methode und auf derjenigen 
von Kurrner und LicHTENSTEIN [14, 15] sind sehr viele Variationen vor- 
genommen, doch alle haben mit einander gemeinsam, dass die Extink- 
tionen nach einer Minute gemessen werden. 

Die Standardgerade ist konstruiert worden nach einer Farbenentwick- 
lungszeit von einer Minute. Dabei zeigt es sich, dass bei keiner der Vor- 
schriften die Extinktionen dem Gesetz von Brrr gehorchen (Fig. 5 und 6). 
Uberdies sind die durchschnittlichen relativen Fehler viel grosser als bei 
der Anwendung von Hydrochinon oder Eikonogen. 

Fig. 7 lasst den Zusammenhang der Extinktion mit der Zeit sehen. 
Der Zeitpunkt, der maximale Extinktion ergibt, ist fiir die verschiedenen 
Phosphorkonzentrationen ungefahr 5 Minuten. Das Merkwiirdige ist, dass 
nach dieser Zeit die Extinktion wieder abnimmt. Nullversuche geben 
ebenso Extinktionen. Auch Kurrner und LicutrEnstEern haben dies 
beobachtet. Ihrer Meinung nach ist die Anwendung von unreinem Na- 
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triummolybdat daran Schuld. Mehrere p.a. Natriummolybdat-Praparate 
sind von mir untersucht worden; sie alle gaben in Nullversuchen Extink- 
tionen. 

100 6 100r 


50 


00s OS Fig. 6 Fig. 7 ZEITIN MIN. 30 60 


MG P/1900 CCM 


Fig. 6. Methode von Kurrner und LicHTENSTEIN. Zusammenhang zwischen 
E x 100 und Mg P/100 cem. Als Reduktionsmittel ist Stannochlorid verwendet 
worden. Die Extinktionen wurden nach 1 Minute bestimmt 
Fig. 7. Einfluss der Zeit und des pH auf die Extinktion. Die Extinktionen wurden 
nach verschiedenen Zeitpunkten, bei verschiedenen pH und mit verschiedenen 
Phosphatkonzentrationen bestimmt. Als Reduktionsmittel ist Stannochlorid ver- 
wendet worden. A. 0,16 Mg P/100 cem; B. 0,08 Mg P/100 eem; C. 0,00 Mg P/100 eem; 

Ohne konz. H,SO,; — — — — — mit 1,0 ecem konz. H,SO,/100 cem 


In Fig. 7 sehen wir gleichfalls den pH-Einfluss auf die Extinktion. 

Folgende Bestimmungen sind bei verschiedenen Temperaturen gemacht 
worden. Extinktionen wurden nach 1 Minute bestimmt. Alles dreimal 
wiederholt. 


Konzentration: 0.000 Mg.P/cem Konzentration: 0.001 Mg.P/cem 
Temperatur ° C E x 100 Temperatur ° C E x 100 
18°C 7,9 + 0,3 18°C 58,4 + 1,0 
20° C 8,2 + 0,3 20°C 59,7 + 1,1 
25°C 9,3 + 0,3 25° C 64,0 + 1,7 
30° C 10,0 + 0,5 30°C 67,1 + 1,5 


Wir ersehen dass der Einfluss der Temperatur bedeutend ist und dass 
auch Nullversuche Extinktionen geben. 


Zusammenfassung 


Betrachten wir zuniichst die Reduktionsmittel Hydrochinon und 
Aminonaphtolsulfonsiure. Mit Aminonaphtolsulfonsiure ist die Bestim- 
mung etwas empfindlicher. Die durchschnittlichen relativen Fehler sind 
bei den zwei Reduktionsmitteln ungefahr gleich gross. Die Farbenent- 
wicklung ist mit Hydrochinon nicht so schnell wie mit Aminonaphtol- 
sulfonsiure. Der Kinfluss des pH auf die Extinktion ist bei beiden Reduk- 
tionsmitteln ungefahr gleich gross. Bei dem Vergleich wurde ausgegangen 
von der Tatsache, dass die Extinktionen nach 30 Minuten Farbenent- 
wicklung gemessen worden sind; dies im Gegensatz zu der Vorschrift von 
Fiske und Supparow. Uberdies, wurde destruiert mit 0,5 cem konz. 
H,SO,, eventuell mit 1,0 cem konz. H,SO,, und wurde nach Ablauf der 
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Destruktion 0,75 cem 25 % NHs;, beziehungsweise 1,5 ccm 25 ie NE, 
Loésung hinzugefiigt. Fiir Prazisionsarbeit sind diese zwei Mittel geeignet. 

Ganz verschieden sind die Resultate mit Stannochlorid. Dies ist ein 
zu kraftiges Reduktionsmittel. Die Molybdansiure wird sogar ohne 
Anwesenheit von Phosphat reduziert. Die Extinktion hat nach 1 Minute 
noch keinen maximalen Wert erreicht. Die Ergebnisse zeigen, dass eine 
gute Farbenentwicklungszeit, geeignet fiir Extinktionsbestimmungen 
nicht anwesend ist, weil die Extinktion nach einer gewissen Zeit wieder 
abnimmt und nicht wahrend einiger Zeit stationar bleibt. 

Der Temperatureinfluss ist bedeutend. Die durchschnittlichen relativen 
Fehler sind nicht weniger als 5 Vik 

Die Extinktionen gehorchen nicht dem Gesetz von Beer. Vorschriften, 
bei welchen kein Gebrauch von Standardkurven gemacht wird, sind 
schon aus diesem Grund fehlerhaft. 

Mit Stannochlorid kann man aber kleinere Quantitaéten Phosphor 
nachweisen, nimlich 0,01-0,5 Mg P, als mit Hydrochinon oder Amino- 
naphtolsulfonsaure (0,1-0,8 Mg. P). Das ist es auch weshalb in der Klinik 
wo im allgemeinen nur sehr kleine Mengen Analysematerial zur Verfiigung 
stehen, Stannochlorid viel angewendet wird. Die Analyse Resultate sind 
dann aber nicht sehr zuverlissig. 


Laboratorium fiir Medizinische Chemie 
der Universitit Leiden 
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ARCHEOLOGY 


THE FLUORINE DATINGMETHOD A USEFUL HELP FOR FINDS 
IN THE VALLEY OF THE RIVER IJSSEL. THE NETHERLANDS. Ia 


BY 


J. BUITER 


(Communicated by Prof. J. Borke at the meeting of June 25, 1955) 


SUMMARY 
By de Koerhuisbeek (1935-1937) gebeurde de uitgraving met de spade 
en zorgden 3 pompen voor de afvoer van het grondwater. Zodoende was 
het mogelijk, talryke gegevens te verzamelen omtrent het voorkomen van 
beenderen, enz. 
De conclusie van Prof. VaLutors, dat de Koerhuisbeekman meer relatie 
met het Zuiden had, dan met het Oosten, was oorzaak, dat ik in de IJssel- 
vallei en zijn bijstromen naar dat verband zocht en dat op verschillende 
plaatsen vond: Sluisput, Zandweerd, Nijenbeek, Almen, Rees. 
Aangezien hier bijna uitsluitend baggermateriaal is, waarvan de diepte 
niet bekend is, zoals zo vaak voorkomt in Holland, was het een uitkomst, 
dat de fluorinemethode gepubliceerd werd door KENNET OAKLEY, die van 
belang is voor het gelijktijdig voorkomen van beenderen en bewerkte 
voorwerpen, 
In hoeverre dit in Nederland ook mogelijk is in de IJsselvallei en zijn 
bijstromen, moge blijken uit het volgende artikel. 
Prof. Dr. Braman, Koninklijk Instituut voor de Tropen te Amsterdam 
nam de monsters, ter vermijding van spongiosa afwijkingen en Prof. 
Dr. P. Karsten, Technische Hogeschool te Delft bepaalde het fluorine 
en phosphaat °%, waarvoor dank. 


INTRODUCTION 

The excavation at Koerhuisbeek, Deventer (1935-1937) has been made 
with the spade. For the groundwater three pumps were busy night and day. 
So it was possible to make every day notes, drawings and photographs 
and to take samples of the soil and to measure the places, where the 
bones were found. 

The results were: bones of mammoth. rhinoceros, bos primigenius, the 
smaller type, at the bottom of the excavation, and higher: Cervus, Bos, 
Equus, together about 2000, and many shells. 

Human bones were found at various places; the most important were: 
Skull C,, nearly complete, with a chignon (bathrocephaly; E: bun) and 
C,, an occiput with a chignon; Skull C,, and a part of a skull C,; 2 tibiae 


with mésocnémie, 4 implements made from Cervus-antler (maglemose). 
The bones were determined by Brevuin, TINDELL Hopwoop, VAUFREY, 
Hassr, AntsE Scureupsr, the shells by Mrs. Van pER FrEn—Van 
BENTHEM JUTTING and TEscu: the implements and the geomorphological 
data by myself; the skulls by Prof. Vatuors. 

The layer of landshells in ferruginous sand was the place, where skull 
C, was found. 

Higher we found freshwatershells. So I Supposed that this layer was 
from the period when the IJssel had less water: this could be the case in 
the boreal period. 

With the pleistocene bones at the bottom and the maglemosian implements 
at a higher level, that was an indication of time for skull Cy: 

At —0,24 M. N.A.P. was the implement K 1022 a tine of Cervus elaphus 
with a hole made in it. 

It was during my lecture on 29 October 1949 at the Rijksmuseum van 
Oudheden at Leiden, that Dr. J. C. A. Boumurs (today A. BoumeErs) 
asked me, why I could determine K 1022 as a mesolithic implement. 
I answered him, that these implements continue till the iron age and 
begin very early in prehistory, when reindeer is disappearing and men 
begin to use Cervus (elaphus) antler. He could find all about it on pag. 
262-270. Geologie en Mijnbouw. Oct. 1941. 

To check my conclusions the fluorine-test has been made from the 2 
skulls C, and C, and from K 1022. 

In 1939 a dredgingmachine made a small harbour in the foreland of the 
IJssel, Zandweert, N. of Deventer. Here I collected about 2000 bones, 
f.i. mammoth and rhinoceros, bos, equus, cervus and many shells. 

It was also possible to find the approximate depth of the layer of land- 
shells. 

Human bones were: a tibia with mésocnémie as the Koerhuisbeekman, a 
lower jaw, a humerus, a broken humerus, a femur, not yet described. 
Many implements, mostly of Cervus (elaphus), for instance: a ‘whistle’, 
a point as K 1022, a maglemose implement, made of Cervus elaphus- 
antler O/Z 381 and 382 (broken); another one, LV/Z 402; two ,,hammer- 
axes’, a tine cut off, a Cervus antler with part of a skull, worked by man. 
It was not possible to discover the exact depth of the finds and so fluori- 
netest (and Xray-spectroscopy) were necessary to find relations. 

In Holland much dredgingmachine-material gets in this way more impor- 
tant. 

The excavation at the sluicepit (1948-1949), Deventer, showed the great 
difference between dragline and spade. The first 10 M. gave hardly any 
find. At the bottom of the sluicepit the spade was used (for the concrete- 
construction) and then the finds came. 

Next to the sluicepit a dredgingmachine in the New Harbour furnished 
in 1942 at a lower level mammoth and reindeer. 

In the sluicepit came at a higher level 3 human skulls in the same layer 
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with landshells and freshwatershells and some animal bones, collected 
by me. Higher were only freshwatershells. 

A description of the skulls by the Koninklijk Instituut voor de Tropen, 
Amsterdam, director Prof. Dr. R. A. M. BeraMan, is ready. 

The conclusion of Prof. VaLLors (1943) that the Koerhuisbeekman has 
more relations with the South than with the East, incited me to look 
to the South for this relation of the maglemoseman of Holland in the 
valley of the river IJssel and its tributaries. 

Firstly there came at about 8 Km. South of Deventer, near the ruins of 
Castle Nijenbeek in the foreland of the river IJssel another place. 

Mr. van pER Kamp, Deventer, bought there 14 hectare to get sand, 
sucking it up with a tube, down to a depth of 10 M. Here I collected bones, 
molar and tusk of mammoth, rhinoceros, cervus elaphus, equus, bos, a 
human skull and 2 implements of maglemosian period. Here we do not know 
the exact depth either, but the fluorinetest can help us to determine, 
what belongs together. 

More Southward, at Zutphen, many pleistocene bones have been found 
in a pond, excavated by a dredgingmachine, South of Zutphen. But in 
the [Jsseltributary, the Berkel, the river of Zutphen, has been found a 
maglemosian implement near Almen and at Lochem a “hammeraxe”’, 
made of Cervus elaphus-antler (= K 1682). 

In the period after the pleistocene time (I 01 and I 02 from the geological 
service) there was also a branch of the river IJssel, going East of the 
Montferland hills, coming from Rees in Germany. Here I collected (still 
in wartime) from dredgingmachines a disharmonic human skull, a tibia 
with mésocnémie as the Koerhuisbeekman, 2 thighbones, a skull of 
Cervus, the antler cut off by man, and also mammoth, bison priscus, bos, 
cervus, equus. 

Andernach has not yielded human bones, but above the magdalenian 
layer Konnen found a layer only with antlers of Cervus elaphus and a 
kind of hamster. 

So we tried to find out by fluorinetest, what bones, men and implements 
are contemporary and to discover the possible way the men followed who 
made the maglemose implements from Cervus elaphus and the animals. 


THE FLUORINE DATINGMETHOD 


Buried bones and teeth absorb fluorine from groundwater or from moist 
sedimentary matrices, and by a process of irreversible ionic interchange, 
the element is fixed in their mineral substance: 


Hydrooxyapatite to fluorapatite. 
Cayo (P.O.4)g:(O.H.). > Cayo (PO,),- Fs. 
Under condition of temperate weathering the progressive increase of 


fluorine in bone is a gradual one. 
It is desirable to be able to reserve part of each sample for estimation 
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of the phosphate content. This serves as a check against the possibility 
that a low fluorine content is due to gross contamination as in cases where 
porous bone is impregnated with silt; or where the phosphate has been 
largely replaced by a secondary mineral. 

Sometimes the phosphate has been replaced by silicate at an early stage 
of mineralization, thus precluding the continuance of fluorine fixation. 
There is also a great difference between the “spongiosa” and the ‘‘com- 
pacta’’. 

Pithecanthropus erectus Dubois: 


Femur II spongiosa: 0,064— 0,069 
Femur II compacta: 1,01—1,01 


(Prof. Dr. R. A. M. Beraman, Royal Tropical Institute, Amsterdam and 
Prof. Dr. P. Karsten, Laboratory for Analytical Chemistry, Technical 
University, Delft, in Proceedings 1952, Kon. Nederl. Akademie van 
Wetenschappen, Amsterdam.) 

That is why I asked Prof. R. A. M. Beraman, Amsterdam to take the 
samples of our bones, whereas Prof. Karsten determined the °% fluorine 
and phosphate. 

It is very satisfactory to find that the bones of Swanscombe Skull pass 
the test with flying colours. 

The contemporaneity of this skull with the associated Acheuléan handaxe 
industry is completely confirmed. So my large collection of handaxes 
(1932 seq.) from Swanscombe is of much value. 

In one of the sites, the Barnfield pit, near Swanscombe, in the middle 
gravel from the end of the Mindel-Risz interglacial many handaxes of 
Acheuléen IV type occurred. In 1932, at the first International Proto- 
historic and Prehistoric Congress in London, I got the permission from 
the British Museum to make there excavations and to gather implements. 
In several days I excavated handaxes, rubbish, bones, shells. There 
were not only very primitive handaxes, but also many finely made, 
triangular handaxes, an “‘endscraper’’-form (in England they had only 
5 in 1932), a point shaped as the aterian points of Egypt, small kinds of 
handaxes, precursors of the mousterian ones, a “burin’-form, twisted 
ovates and many other kinds of handaxes also gravel, bones and shells 
from the site. (A description in: Sociaal geografische mededeelingen no 2, 
1942 by me, with drawings of H. G. Boknorsr under my direction.) 
In 1935 Marston found an occipitale and parietale of man, the only 
remains of human bones from the Chelles-Acheuléan period (except today 
Atlanthropus from Ternifine). 

As usual the authorities did not always give their consent. 

Till the fluorine test gave K. Oakiey conclusive results. 

The skull and the pleistocene animals from the handaxe-layer were of 


the same age: . 
So my collection of 160 numbers is of much value also for comparison 
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f.i. with the acheuléan handaxe of Kalerheide-museum from Kerkrade. 


Southern Limburg, Netherlands. 
It is interesting to see that the portions of antler at Swanscombe have a 
fluorine °% constantly from 2,2—2,6, whereas the other bones vary from 
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It is very interesting to recall that Dawson considered that of the fossiles 
extracted from the gravels in the Piltdown pit, only the remains of beaver 
were contemporary with the fragments of “Koanthropus’’. This is precisely 
the conclusion that Dr. OaxLey draws from the fluorine figures: 


castor fiber 0,2 % av. 


Eoanthropus Dawsoni 0,2 OF AN 


That are the remarks (litt 1/ OAKLEY) 

I need for the description of the finds in the valley of the river IJssel, 
Holland, a possibly important way from South to N orth, when the IJssel 
began near Rees in Germany and ended somewhere in the (present) 
Northsea, perhaps from 20000 years B.C. till later on. 

The river IJssel flew then also East of the Montferland hills. 

Two “‘‘terraces’’ have been formed in this country which can be seen best 
by section Dingden—Rees and Bochold and Wissel (Litt 2. Dr. J. J. 
PANNEKOEK van Rheden). 

The valley of the IJssel near Deventer extended from Koerhuisbeek to 
Twello (Geological service No. 33. Zutphen II) 

Gravel from Layer IV, Koerhuisbeek has the same % White quartz as 
Montferland-borings. (Litt. 3 Dr. J. F. Srrmnuurs). 

Details, going from South to North. 

Germany Rees 51°45’ N.Latt. 24’0 ELL. 

Dingden 51°45’ N.Latt. 2415 E.L. 

surface of the land, opposite Rees about 16 M+N.A.P. 

On 12 November 1951 was in Rees (level of water about 11 M+N.A.P.) 
from top to bottom (dredging machine): 


2 M. sand with some small lenses of gravel. 


bo 


M. brown clay 
M. gravel 
M. sand (current bedded) 


noe 


a. 
b 
rig 
d 
e. 11 M. gravel 
(Mostly 7 M. above f was a Meter blue clay; 
above and below that clay were trees) 
f. hard green layer, with much weathered glauconite 

(det. geological service, Haarlem). 
From f came many bones of whales (Det. Dr. A. B. van Dernsz, Rotter- 
dam) and a stone-shape of a shell (kind of veneridae, fitting in with marine 
“Dingdener Stufe; Tesch). 
From e came (exact depth unknown): 
A. Mammoth (jaws and molars and part of tusk) 
B. Bison priscus (det. Miss M. Howarp (Zeuner-assistant London) 


Horses and cows. 
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C. Skull of a cervus R 150. Antler, cut off by man by 3 hits 
Fluorine: 0,31—0,34 °%. oO pelo oF, 
D. Human bones: 
IT Human disharmonic skull (R 149) 
Fluorine 0,20—0,21 % P,O, 18,5 % 
Il Human femur (R 29 A) 
Fluorine 0,40—0,50 %. EOpevice 7 
III Human femur (R121) | 
Fluorine 0,47 % P,O; not known; no rest 
sufficient for 
investigation. 
IV Human tibia (R 120) 
Fluorine 0,34—0,40 % P,O; (not known) 
This tibia has the same section as the 2 tibiae from Koerhuisbeek 


and 1 from Zandweert, Deventer. 
(litt. 4, fig. 11, J. Burrer). (Here fig. 3). 


South of Zutphen 1954 came a molar of a young mammoth (Det. Dr. 
D. A. HootsEr, Leiden). So mammoth was not yet extinct in the IJssel 
valley. Max. depth of the dredging machine: 5 M—N.A.P.=O.D. (= sea- 
level in England). 


ZUTPHEN (1951) 
In the southern part of Zutphen came at Vijverplan, from a dredging 
machine (max. depth 54 M—N.A.P.) 
Bison priscus, nearly complete skull with all molars. 
Mammoth, humerus. 
Mammoth ulna proximal part. 
Alces alces, 3 antlers. 
Atlas of Bison priscus or Bos primigenius. 
Reindeer, rolled antler. 
Reindeer, not rolled antler. 
. Humerus of Bison priscus or Bos primigenius. 
Long bone, perhaps of reindeer. 
Cervus elaphus, tibia and part of antler. 
Det. Miss Masornte Howarp, Zeuner-assistant London and Mr. F. J. 
VAN DER FrEn, Amsterdam. 
On the day of G. (Reindeer, not rolled antler) 19/5/1952 I found on 
the spot (Maximum depth of dredging machine 54 M—N.A.P.) 
2 x Vertigo genesii geigeri. 
Pupilla muscorum. 
Top of Clausilia. 
Part of damaged Cardium. 
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Turritella and other miocene rolled shells. 
Det. Mrs. VAN DER Fren—VAN BENTHEM JuTTING, Amsterdam). 


The miocene rolled shells can come from Dingdener Stufe (Lower part 
of the Uppermiocene or the upper part of the middle miocene) near Rees. 
Vertigo genesii geigeri are found today in the central European mountains 
(Dr. P. Tsong). 

At Almen, near Zutphen, has been found a maglemose-implement, quite 
the same as the 2 from Zandweerd, made of antler of Cervus elaphus: 


(Z=Zandweerd, O= East, L.V.=exact place unknown = Losse vondst). 
O/Z 381/25/11/39 Fluorine 0,59—0,63 % PO; 25,7 % 
and 


LV/Z 402, damaged, just as Almen-specimen 
(see litt. 9. J. Burrer, fig. 10, No. 4 from the left). 


Nijenbeek (ruins of castle, South of Deventer). 


Opposite to castle (1951 seq.) 

Finds in the property of Mr. L. van DER Kamp, (Deventer) who sucks 
up sand with a tube in the foreland of the river IJssel. 

Maximum depth: About 10 M below waterlevel (Kad. Section E No. 3795 
and No. 3796 Gorssel). 5 


HUMAN SKULL: 22/4/1950 
At Deventer, Ship bridge 
Waterlevel 2,4 M (river fall 1 dM per 1 KM.) 
Waterlevel Nijenbeek: 2,4 M-+about 0,8M=about 3,2 M+N.A.P. 
max. depth of tube 8 M. 
Maximum depth of skull: 3,2—8 M=about 4,8 M—N.A.P. 
“Lissorr’”’: 28/11/1953. 
At Deventer ship bridge: waterlevel 0,71 M+N.A.P. 
Nyenbeek =: waterlevel 0,71+ 0,8 M=1,5 M. 

Max. depth of (another) tube: 10 M. 
max. depth of “lissoir’” 1,5 M—10M = about 8,5 M—N.A.P. 
Borings in the foreland of the IJssel, before the beginning of the business, 
by Huxsgcen, Gorssel, showed, that the underground was nearly all 
sand, except somewhere a layer of clay, 14—2 M thick. Borings max. 
10,5 M deep. Surface of the land about 7 M+N.A.P. Max. depth 
7—103 M=3,5 M—N.A.P. 
Finds, we collected here: (Det. Dr. D. A. Hoownr, Leiden.) 
A. Jaw of Bos (N 14) fluorine 0,14 —0,16 % P,O; 18,6 % 
B. “‘Lissoir’ of bone (horse?) (N. 18) fluorine 0,52—0,54 % P.O; 17,2 ¥ 
C. Part of a tusk of mammoth (N. 9) fluorine 0,015 —0,024 % P.O; 16,4 % 
D. Human Skull fluorine 0,23 —0,25 % P,O, 6,99 % 

The Institute of Prof. BER@MAN is busy describing the skull. 


ZO! 


E. An implement quite the same as Koerhuisbeek K 1682 “hammer 
axe”. It is a pity that it escaped us by accident. 


eae 52 
“Lissoir”’ : | SUN ae 
(Maglemose) 

9 
Skull = x 100= + 3,02 


So skull and “‘lissoir” are of the same age. 

The lissoir is a maglemosian implement. (litt. 6. madlle Dorze page 112 III 
Quelques objets maglemosians trouvés en Belgique. in: Mélanges VAN DEN 
Boscu. Les chercheurs de la Wallonie 1952-1953). 

It is a striking fact that the part of the tusk of mammoth (C) had such 
a low fluorine °%. 

I cannot explain that fact. It may be possible that it was in a clay-layer. 
All the remains of elephants mentioned in Further contributions to the 
solutions of the Piltdown problem, London 1955, Bulletin of the British 
Museum (natural history) Geology, were molars. 

Not one specimen of tusks has been recorded, which is inside much chalky. 
There is always a great difference between cementum, dentine and 
enamel %. (pag. 263, 264, 265) 

E. An implement escaped us, when the crew of the boat came back and 
threw the implement to me. It is now lying near our Rowingclub in the 
water. I could not catch it, but I saw immediately the shape, that has 
been confirmed by the crew to me, showing them K 1682 later on. 


Koerhuisbeek (South of Deventer) 
1935/1937, (Cad. C No. 632—640) 


(pron. French cour + Engl. House + Eng. bake.) 


The director of the Public Works, Ir. L. van Genprt, being in need of 
sand, started excavation in 1935; made with the spade by unemployed 
people, checked by me. 

In the profile were 4 layers of gravel and 2 layers of clay; rest sand. Depth 
nearly 10 Meter. 

Under gravel layer III was brown, ferruginous sand, with bluish grey 
sand below it. 

Between these 2 layers was the limit of the groundwater (Ferri—Ferro- 
combinations, gley-layer). 

The Ist skull (6 January 1936) was lying just above the groundwater in 
that ferruginous sand. 

After a short time the sample of bluish grey sand got in open air in the 
museum “3 Herrings’’ brown too. 

This profile of Koerhuisbeek shows indications of level changes, small 
oscillations which are important for the Zuyder Zee-problems (litt. 8. 
Prof. Dr. Smir Srprnea, pag. 224, fig. 3.) 
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In the brown sand, under gravel III have been found the following shells. 
Pupilla muscorum edentula 16 

unidentata 8 
Columella edentula (Var. Columella) 2 
Vertigo parcedentata 2. 
Cochlicopa lubrica 6. 
Above gravel III: 
Clausilia dubia (found by me) 
Later on in the same layer as skull 1: 
Sphyradium edentulum. 
Clausilia bidentata 
Pupilla muscorum edentula 
Cochlicopa lubrica (Det. Mrs. VAN DER FEEN-VAN BENTHEM JUTTING 
and Dr. P. Txscu). 
Fresh watershells and landshells. 
Vertigo and Columella are perhaps pleistocene, but it is possible that they 
come from II 8=wiirmdeposits which are next to the excavation. 
A second layer of pupilla muscorum has been found at nearly 0,67 M 
+N.A.P., between gravel II and bluish clay (also present in excavation 
De Teuge at about 1 Km. North East of Koerhuisbeek; there were also: 
pupilla muscorum unidentata and edentula, clausilia bidentata and 
Cochlicopa lubrica (Det. L. GreRMERAAD, Utrecht University). 
So it is my opinion that the layer with many puppas under gravel III 
is of boreal time and the layer of about 0,67+N.A.P. perhaps from 
Subboreal time. 
In gravellayer IV have been found: 
Mammoth: tusks, humerus, molars 
Cervus megaceros worked by man. 
Rhinoceros tichorhinus, lower jaw with 2 molars. 
This gravel had 33% white quartz, quite the same % as gravel from 
Montferlandhills-boring. 
Most of the 2000 bones came from sand between gravel II and IIT; cervus, 
equus; some bones also between III and IV and in IV, but depth not 
always known exactly. For further details see litt. 4, J. Burrmr. 
In layer of brown sand below III came a skull, named C, by Prof. H. V. 
VALLOIS, Paris (1948) (litt. 7). 
The colour of the skull is brown, lying above the groundwaterlevel. 
That is, I suppose, the very reason of the low °, fluorine. Perhaps the 
iron of the sand got into the skull and has prevented the fluorine from 
penetrating into it (see: oakley). 
C, fluorine 0,07—0,10 % P,O; not yet known. 
C, and C, (of Prof. Vatiors) have both a chignon 
(C, an occipitale with chignon) 
C, (of VaLLors) was lying between III and IV, in the groundwater layer. 
It has a quite different colour. Fluorine 0,22—0,23 % P.O; 25,6 %. 


293 


The content has been reserved for further investigations. 

Tibia (T 1), with mésocnémie. 

At Koerhuisbeek were 2 of these bones, at Zandweerd 1 and at Rees 1, 
with the same section. 

Other human bones have been described by Prof. Vauuors (litt. 7). 
Implements: 4 “Hammer-axe” K 1682 (also found from Cervus-antler 
at Nienbeek) 0,5 M—N.A.P. 

K 1022 Point of Cervus, with hollow— 0,24 M N.A.P. 

Fluorine 0,38—0,39 % P,O,; 16,2 %. 

It was lying in the vicinity of IT 8, (Wurm) so it is possible that the ground- 
water had a different composition from that of the other implements 
(in the old riverbed). 

That is perhaps the cause of the higher °%/ fluorine. But the other Cervus- 
implements of Zandweerd (see later on) had a fluorine % also higher than 
might be expected. That is an answer to the question asked by Dr. J. C. A. 
BoumMerS, (today A. Boumers) at Rijksmuseum van Oudheden 29 
November 1949. 


(To be continued) 


ARCHEOLOGY 


THE FLUORINE DATINGMETHOD A USEFUL HELP FOR FINDS 
IN THE VALLEY OF THE RIVER IJSSEL. THE NETHERLANDS. Is 


BY 


J. BUTTER 


(Communicated by Prof. J. BonKe at the meeting of June 25, 1955) 
2 ‘ 


Zandweerd (1939—1940; dredging machine) 


North of Deventer. Here were nearly the same layers as at Koerhuisbeek. 
From top to bottom sand with layers of 


1. Brown clay 

2. blue clay (somewhere between 1 and 2 a layer of peat with bark and 
branches of birch) 

3. brown sand with puppas (level of the puppas approximately between 
1,1—N.A.P. and 2,6 M—N.A.P. 

4. gravel. 


Bones: Mammoth (det. v. p. Fren), Rhinoceros tichorhinus (part of the 
skull) (det. Prof. von Korniaswaup), about 2000 bones: 1—600 are 
now in Amsterdam for study under the direction of Mr. F. J. vAN DER 
Fren (Bos— Equus). 

Implements: Cervus elaphus, antlers, worked by man. 

(See J. Burrer, litt. 9. Photo 10). Here fig. 7. 


O/Z 381/382 from 25/11/1939 maglemose (cervus elaphus antler) 
fluorine 0,59—0,63 %. P.O, 25,7 %. 

LV/Z 402 (broken) quite the same as O/Z 381 and as maglemose imple- 
ment from Almen (cervus elaphus antler). 


4 human bones; a tibia with section as Tl. Koerhuisbeek. 
a lower jaw (being studied by Prof. L. S. PALMER, 
Wells, Somerset, England) 
part of a humerus and 
a femur. Fluorine 0,28— 0,31 °%, P.O; 13,8 % 
Horses from Zandweert. 
Z/Z 170, 18/5/1939 Phalanx. Max. depth: —2,6 M N.A-P. 
Together with Z/Z 170, when it was dredged up, were collected by me: 
3. Zonitoides nitidus 


4. Zonitoides hammonis 
1. Punctum pygmaeum 


1. Goniodiscus rotundus 

5. Fruticicola hispida 

3. Succinea oblonga 
42. Vallania excentrica (several young specimens) 
1. Vertigo pygmaea quadridens 

2. Pupilla muscorum edentula 

2. Pupilla muscorum unidentata 

4. Cochlicopa lubrica 

14. Carychium minimum 

12. Galba truncatula (Botziekte: disease of sheeps) 
4. Paraspira leucostoma 

1. Gyraulus albus 

1. Bathyomphalus contortus. 

1. Valvata pulchella. 

1. Bithynia leachi 

2. Bithynia tentaculata 

2. Sph. corneus 


1. Valvata cristata. 
Landshells with some fresh watershells. 


(Det. L. GrermEraap 
University of Utrecht) 


Z/Z 223 and Z/Z 224 two halves of bone belonging together with clay 
inside for pollenanalysis. 

O/Z 381 + O/Z 382 maglemose implement (broken) 25/11/1939. from 
C. Elaphus antler. 

Shipbridge waterlevel 5,35 M + N.A-P. 

Zandweert waterlevel 5,35 M—0,3 M—=5.05 M = NAP. depth of 
dredgingmachine 7 M. 

maximum-depth of 381 and 382=1,95 M — N.A.P. 

In Zandweert have been found by me 12 Cardium edule 

1 littorina littorea 


In Koerhuisbeek excavation: 2 cardium edule (det. L. GerMERAAD) 


It is not possible that they came from level below Gravel IV, because 
they are typical Marine Shells. (Artificial manure fallen down?) 

Sluicepit Deventer (1948-1949) (see litt. 10 J. Burrer) Dragline; bottom 
with spades; so the last week came most finds. Level of groundwater 


unknown. 


Bos primigenius S 12 fluorine 0,74—0,77 % P,O, 29,8 % 
Cervus elaphus antler S 5 > OO 012.0, EO, 20,4 °%, 
3 skulls: SI Cl ye. 160,18 ©), P50..10,75% 

S9 C2 Pe = 0,169, PO 211,199, 


S11 C3 en 0,18 9 PO. 114,77, 
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New Dock Reindeer Antler D 20 ,,  0,45—0,52 % P.O, 23,8 % 
Cervus elaphus Antler D24,, 0,48—0,51 % PO; 25.0% 
Bos primigenius D1a.. 0,07=0,09 % P20, 10,8 9, 


Perhaps is D19 from a higher level. The skulls will be described at 
Amsterdam by Prof. Beraman’s Institute. 

Det. of bones: Dr. D. A. HoorsEr, Leiden. 

Shells at the same level as the 3 skulls 

Shells from sluicepit: 


Nov. 1948: Neritina fluviatilis 
Valvata piscinalis 
Pupilla muscorum 
Clausilia plicatula (for the first time found in the Nether- 
lands: Det. Dr. F. E. Loosses, Wageningen) 


Jan. 1949: Succinea oblonga 
Cochlicopa lubrica 
Pupilla muscorum 
Vertigo pygmaea 
Vallonia pulchella 
Fruticicola hispida 
Helicella erictorum 
Sphaerium solidum 
Pisidium amnicum 
Neritina fluviatilis 
Valvata piscinalis 
Bithynia tentaculata 
Lymnaea palustris 
ovata 
truncatula 
Planorbis planorbis 
carinatus 
leucostoma 
Det. Mrs. VAN DER FEEN-VAN BENTHEM JUTTING. 
All landshells and freshwatershells. 
Miocene rolled shells have been found at: 
Zutphen, a. vijverplan and b. nieuwe haven. 
Koerhuisbeek Deventer 
Sluicepit Deventer 
Zandweerd Deventer 
Watertoren Deventer 
a. 15 may 1927.  Wellboring; approximately 10 M + N.A.P. 
surface of land 
11—12 M deep: rolled dentaliums 
16—27 M deep: many dentaliums and other miocene rolled 
shells in coarsegravel. 
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b. 25 may 1927. Wellboring: part of a human upper jaw, at 
nearly 10 M depth, sent to the Biological 
Archaeological Institute, Groningen. 


In wellborings in the valley of the Schipbeek at Bathmenbridge East of 
Deventer I never found such a shell as far as the coarse gravel of nearly 
12-15 M; so I suppose, they came from the South. 

Dr. Trscu thought, they came from Dingden. 

In Olst came (Aug. 1927; wellboring) Rozenstraat about 5 M + INR LES. 
surface of the land, at a depth of 13—20 Ma layer of clay and 29—32 M 
miocene rolled shells. 

So these miocene shells have been found in the valley of the IJssel from 
South of Zutphen to Olst. 

In “the English works” at Zwolle has been found this valley of the IJssel, 
running in that country West of Zwolle to the Zwarte Water. 

Here we found pleistocene bones too, but not yet determined. 

It is a striking fact, that the Zwolle-skull (Litt. 7), although it has a 
resemblance to the Cro-magnon skull, only has 0,02—0,05 % fluorine, 
P,O; not yet known. 

But we knew nothing about the geological conditions. 

It is only morphologically remarkable. 

Could we refind the valley of the IJssel, North of Zwolle, then we had a 
way from the South to the North in the (present) Northsea, near Denmark 
and we could then easily explain, how it is possible to find in South Sweden 
today people who have some resemblance to the Cromagnon. 

Today we have come to Zwolle for a possible way. 


I As a remark J mention a human lower jaw coming from a dredging- 
machine at Neer (Dutch province of Limburg) from river Maas. 


fluorine 0,13—0,16 %, P,O, 22,6 % 
O17, 


II Hengelo skull; fluorine 0,28—0,30 % P,O; 15,4 %. 


In litt. 4 pag. 101 (1940) I wrote as my opinion, that the Hengelo-culture, 
in the same layer as the skull was mesolithic and not pleistocene. 
The late Dr. ANTJE SCHREUDER compared the bones of horses from 
Hengelo and Deventer. 

Fluorine tests take much time and so they took the X ray-spectroscopy 
and it was evident that the skull of Hengelo was not as old as they thought. 
As far as the palynological results, Prof. WATERBOLK published his con- 
clusion in “Gedenkboek Van Giffen” 1947 pag. 68. 

And what about cryoturbate phenomena? 

Certainly there are soilstructures which can be explained in this way. 
But I found at Stegerveld Y 4 (cadastral Section D No. 1331 Ambt 
Ommen) at Ommen in the surface of an Atlantic peat in a saucerlike 
lowness (about 30 x 10 meter) soilphenomena as in Wiene (see plate 
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XXXV, 2 Nederl. in het ijstijdvak) and the same polygone structure of 
XXXVI, 2, I found above skull C, at Koerhuisbeek (litt. 9, photograph 3); 
and at Sluicepit quite the same above Skull S11 C3, a.s.o. (Here fig. 9). 
There they were certainly younger and fluviatile as well as the gravel. 
The difficulties of Hengelo have come with the pleistocene-holocene 
boundary question. Originally in Holland this boundary was fixed by the 
geological service at about 20.000 B.C.; so subarcticum and praeboreal 
were still old holocene. . 

An ice-age has been caused by climate. 

When the ice is beginning to melt away, the ice-age ends and not, when 
the ice has melted away as far as Selpausselkaii in Finland. 

For me springtime begins 21 March and not 21 April. That is why there 
are so many difficulties in the explication of geological and archaeological 
facts in South and North. The new (mostly typological) determination of 
the leptolithic by Schwabedissen is only appreciable in regions with 
glacial conditions; out of these regions it loses its significance absolutely. 
Fortunately there are new methods which can be of help to us. 
There are palynology, carbon 14, fluorine tests (taking much time) and 
Xray-spectroscopy (taking a little time). 


III Cervus elaphus has nearly always a higher °% fluorine than might 
be expected, higher than reindeer. 

The human bones go from 0,1—0,5 %%. 
The composition of the groundwater is perhaps also an important factor. 


FLUORINE AND PHOSPHATE RESULTS 


F% 
0,30 . 
Hengelo skull ing X 100=1,95 
: : D, 18 
Sluicepit Sl C1 a x L00= 1,66 
0,17 
99 C2 —. x =1,53— 
89 C2 F455 x 100=1,53 
Mit ake 
13 ——— X =1,22 
S11 C3 14,7 X 100=1, 
S12 Bos Primigenius te x 100=2,5— 
S5 Cervus elaphus antler Se x 100=3,43 
New dock: D.20 Reindeer Antler, See x 100=1,9 
D.24 C. elaphus antler. “< x 100=1,9 
0,07 


D.19 Bos primigenius. x 100= 0,66. 


10,6 
Koerhuisbeek: C1. skull (Vallois) 0,07—0,1. 


C2. skull (Valloisy) 222 


356 * 100=0,86, 
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K1022 Cervus antler (maglemosian) = 100=2,3 
Zandweerd 
O/Z 381 (maglemosian) cervus elaphus antler — x 100=2.13= 
Human Femur ae x 100=2+4 
Nijenbeek (VAN DER Kamp): 
Human skull 0528 x = yore. 
8 5 0s .3 
N. 18. “‘lissoir” (bone of horse?) (maglemose) — < 100 = 3,02 
N. 14. jaw of Bos = x 100=0,8— 
N. 9. mammoth (part of tusk) x 100=0,07 
Rees. 
R 150. Skull of Cervus worked by man Oa x 100= 156 
R149 human skull (disharmonic) ie x 100= 1,08 
R 29a human femur 5 x 100=1,46 
R120 human tibia (mésocnémie) 
(T, Koerhuisbeek) 0,34 
R121 human femur 0,47 
Neer (Maas) Human lower jaw a x 100= 0,57, 
Congruence: 
Rees R. 150 Skull of Cervus, worked by man 1,56 
R. 29A Thighbone of man 1,46 


and perhaps: 
R. 121 Thighbone of man (the same fossilisation) ? 


Te 27 ibis. Gioman (,,  ;, . eat 

Nienbeek. 
Human skull A) 

N18 “Lissoir’’, maglemosian, bone of horse(?) 3,02 
New Docks. 

D. 20 reindeer antler 1,9 

D. 24 Cervus elaphus antler 1,9 
Sluicepit 

8S, C, human skull 1,66 

S, C, human skull 13 


S,, C,; human skull, some aberration, although 122 
same layer probably 
21 Series B 
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Zandweert. 
O/Z = maglemose, antler of C. Elaphus 2.13 
Human femur 2+ 
Aberration 
Koerhuisbeek ©, skull in ferruginous sand 0,07—0,10 2 
K 1022 maglemosian cervus elaphus antler 2,3 
(next to II 8) 
Sluicepit S,, Bos primigenius 2,5 
S; Cervus elaphus antler 3,43 
Nijenbeek N, tusk of mammoth 0,07 


At Andernach was above the magdalenian a layer with Cervus elaphus- 

antlers and a kind of hamster. 

The IJssel was in that period a river going through toundra-regions as 

well as Ob and Jenessei today in Siberia. 

The animals followed the valleys and tributaries, with drinkingwater 

and food, whereas in the retiring toundra were another fauna and flora 

in the periods after the glacial time. 

So it is possible that we scarcely find remains of reindeer in the IJssel- 

valley and more Cervus elaphus and mammoth. 

They used very soon the antlers of Cervus elaphus for “‘maglemosian”’ 

implements (high fluorine °%). 

Combined with my other publication it is my opinion, that in our country 

were 3 origins of Culture Post — Wurm: 

1. Coming from the South, from Belgium: Budel a.s.o., with silex of 
Wommersom. 

2. Coming from the East, f.i. Beerzerveld, Ommen; Wehlenerspitzen- 
Tardenoisian, found by me 1941. 

3. Coming along the valley of the IJssel and its tributaries: Rees, Almen, 
Lochem, Nijenbeek, Koerhuisbeek, Sluicepit, Zandweert (many 
maglemosian implements). 

From fluorinetest : 
At Rees are comtemporary worked skull of Cervus and thighbone of 
man (perhaps tibia and other thighbone with the same fossilisation). 
At Nienbeek: human skull and maglemosian lissoir. 
In the new docks: reindeer and Cervus elaphus; so the reindeer 

survived here a long time. 

In the sluicepit: 2 human skulls. 
In Zandweert: maglemosian implement and human femur. 

Tibiae with mésocnémie have been found in: 

Rees, Koerhuisbeek (2), and Zandweert. 


The layer with many landshells and freshwatershells has been found at 
three places, nearly at the same level. 


May, 1955. 


J. VTER: The fluorine datingmethod 


a useful help for finds in the valley of the 
river Yssel. The Netherlands. BU Ca at 


Y 


Fig. 5. 4 implements from Koerhuisbeek (1936). 


Fia. 14s, Sections of the tibia or shin-bone, (1) the normal friangilat type; 
and (2) the extremely platyenemic flattened type characteristic of the 
Cré-Magnon race. After Broca. 


: : pe es on me: 
23.Section of tibia(n2?:5162, Deventer, Zandweert),| 
less platycnsemic,than that of Cro-magnon. 


Fic. 3. Comparison of Sections of tibia n/z 162. Zandweerd, a recent tibia, and 
a tibia of the Cromagnonrace 


Se e ce . Sian eae 6S a 


Fig. 6. 4 implements from Zandweerd (1939): 1. a cut-offtine; 2. a part of skull of 
Cervus with 4 round holes in the skullpart, 3 in the broken part of antler, right tine 
cut off; 3. a “hammeraxe”’; 4. a whistle 


Fig. 7. Implements and bones from Zandweerd. 2nd from the left: cut off tine 


F P f tusk of mammoth (N. 9) and “‘lissoir” (N. 18) from Nijenbeek of Cervus; 3rd from the left: “hammeraxe”’; 4th from the left: O/Z 381/382 
ig. 4. art of tusk of m . 


Fig. 8. 
Fig. 9. 


‘‘Cryoturbation”’ in the top of an atlantic peat, Stegerveld Y 4, Ommen 
(pollen analysis by Dr. F. P. JoNKER, Utrecht.) 


Koerhuisbeek. Skull C, has been found here. A part of the undulating 
line of clay has been saved 


Deventer 
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PHYSICS 


SOME PROPERTIES OF LIQUID HELIUM BELOW 1°K. Ia 
BY 


H. C. KRAMERS 


(Communicated by Prof. C. J. Gorter at the meeting of September 24, 1955) 


CHAPTER I: THEORETICAL CONSIDERATIONS 


1.1. Introduction. It is the purpose of this chapter to give a picture of 
the theoretical background of the experiments under consideration. It is 
not the object to give a full account of the large amount of theoretical 
work done on the helium IT problem. Review papers [1, 2, 3, 4, 5] may be 
referred to for a complete narration. 

The present chapter contains mainly the part of the theory dealing with 
the specific heat and the propagation of second sound. Moreover, the 
considerations with respect to the latter are restricted to small amplitudes. 
The phenomena occurring in the vicinity of the A-temperature only are 
also excluded. 

A very successful approach to the problem of liquid helium has so far 
been made by means of the so-called two-fluid model. Curious phenomena 
as the fountain effect and the mechanocaloric effect could be explained. 
Moreover, on the basis of this model it was predicted that apart from 
normal sound a second kind of wave propagation was possible in the 
liquid. This effect, the so-called “second sound”’, was actually found experi- 
mentally by PresHKov [6] in 1944. 

In section 1.2 some consideration is given to the two-fluid model and 
on the basis of this model wave propagation in the liquid is considered in 
some detail in section 1.38. No attention will be paid to effects of large 
velocities; the hydrodynamical equations used will be restricted to the 
so-called acoustical approximation, i.e. to first order terms in the velocities. 
Included are, however, irreversible processes of this order as viscosity 
and heat conductivity. ; 

The microscopic background of the two-fluid model is discussed in 
section 1.4, A microscopic theory is in any case required for an explanation 
of the results of the specific heat experiments. It seems that in the 
temperature region under consideration, i.e. not very close to the A-point 
and in particular below 1° K, the theory of excitations originally put 
forward by Lanpav [7,8] and improved especially by Kronia and 
collaborators [9, 10,11] and by Frynman [5, 12, 13] gives the most 
promising approach. The connection between this theory and the two- 
fluid model is discussed in section 1.5. 

The irreversible processes occurring in liquid helium IT can be analysed 
by considering the interactions between the excitations. A summary of 
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the work of Lanpavu and KHALATNIKOV [14, 15, 16,17, 18] is given in 
section 1.6. 

In section 1.7 attention is paid to the influence of the mean free path 
which becomes presumably very large on second sound propagation at 
low temperatures. It is argued in the same section that below 0.6° K no 
second sound in the proper sense can occur. 


1.2. The two-fluid model. The two-fluid model describes the properties 
of liquid helium below the 2-point by considering the liquid as a kind of 
mixture of two inseparable fluids. The first one behaves as a normal 
liquid and is, therefore, called the normal fluid. There exists, for instance, 
a normal viscosity. The second part behaves as an ideal non-viscous liquid 
and is, therefore, called the superfluid. 

At any point in the liquid the density is now built up of two parts: 


(1.01) C=) Oy. 


At the temperature of the transition to the normally behaving helium I 
liquid, the so-called /-point, 9, becomes equal to @ and g, equal to zero: 
the liquid loses its peculiar properties. At absolute zero it is supposed 
that no normal fluid is left and, therefore, 0, becomes equal to o. 

Historically the two-fluid model was first formulated by Tisza [19] in 
1940. He based the model on the ideas of F. Lonpon [20] who gave as a 
possible explanation of the liquid helium problem the analogy with the 
phenomenon of the condensation in momentum space occurring in a 
perfect gas, obeying BosE-ErnsTEIN statistics. It proved, however, very 
difficult to extend the theory of a perfect gas to the liquid, particularly 
because of the large interactions between the molecules in the latter. 
Certainly these interactions cannot be included by means of simple 
perturbation methods. Independently Lanpav [7] developed his ideas 
on a quantum hydrodynamics and arrived at a two-fluid model. At that 
time, however, LANDAU’s ideas were considered to be rather obscure and 
intuitive and did not contribute much to a clear picture of the microscopic 
background of the two-fluid model. In its present clarified shape this 
theory will be discussed in a later section of this chapter. 

In the meantime the two-fluid model was disconnected from any 
microscopic explanation [21]. As a pure phenomenological theory it 
contributed much to the explanation and description of the properties of 
liquid helium II. The fountain effect and the mechanocaloric effect could 
be expressed in terms of thermodynamical quantities. The conclusion of 
the possibility of a second kind of wave propagation followed immediately 
from the presence of two hydrodynamical equations, one for the normal 
and one for the super-fluid. 

The thermodynamic foundations of the two-fluid model were laid by 
H. Lonpvon [22] and by Gorter [23], who arrived at somewhat different 
conclusions. H. Lonpon supposed the whole entropy to be carried by the 
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normal fluid. The equations of GorrErR included the more general case 
of a non-zero entropy of the superfluid and a possible entropy of mixing. 
Finally px Groot, JANSEN and Mazur [24] have considered the problem 
on the basis of the thermodynamics of the irreversible processes. Their 
conclusions are in agreement with Gorrsr’s. It is not the purpose to 
discuss here the thermodynamic foundations in detail. In the following 
the equations of the two-fluid model will be written in the general form 
used by Gorter. The more special equations used by LoNDoN must 
also be mentioned, because they are in accordance with the formulation 
of the two-fluid model on the basis of the theory of excitations described 
in section 1.4. As will be seen in that case the entropy of the superfluid is 
zero per definitionem. 

Effects of the first degree in the velocities will be considered only. 
The mutual friction term of Gorter and Metiiyk [25] for instance is 
omitted. 

The equations of motion for the normal and the super-fluid respectively 
are [23]: 


d n D n’s a a 9 : 
(1.02) 6, —- =— > grad ee grad T'+ 7, (V7v, + 4 grad div v,) 
dv, a) OnOs g 
1.03 Ss Se CYB es 
( Mae Ti : gra ar ; orad 7 


v, and v, are the velocities of the normal fluid and the superfluid, P is 
the pressure, 7,, the coefficient of the normal viscosity and /* is the Laplace 
operator. As has been stated, the superfluid is supposed to have no 
viscosity. The second term on the right in both equations is the diffusion 
force which has, of course, the same magnitude but opposite sign in 
equation 1.02 and equation 1.03. 

The quantity S* has the dimension of the entropy, in the original 
description by GorTER 

S*=odS/dx 


x being the relative concentration of the normal fluid 9,/o. 
According to Lonpon and Lanpau, 


S*=o08S/o, 


S being the entropy per gram of the liquid. 
From these equations the dependence of the pressure gradient due to 
the fountain effect on the temperature gradient can be shown directly by 


considering the case of zero velocities and accelerations (the steady state). 
This yields 


(1.04) grad pate grad 7 
which specifies to 

(1.05) grad P=oS grad T 
according to H. Lonpon. 
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When a liquid is flowing into or from a vessel through a hole which only 
allows the superfluid to pass, heat is absorbed or evolved in a reversible 
way. This is the so-called mechanocaloric effect. This effect and the 
fountain effect are in the general case connected by the relation 


grad P/grad T=Q/T [24). 


The amount of heat withdrawn or developed per gram of the liquid 
flowing in or out is 


(1.06) Q=0,T'S*/o 


according to the general theory of Gorter. 
It reduces to 


(1.07) Q=ST 


in H. Lonpon’s derivation. 
Finally it should be remarked that Tisza [21] made the special assump- 
tion 


(1.08) «=S/S,. 


S, being the entropy at the j-point. This formula appears to be approxi- 
mately realised in the temperature region above 1° K. 


1.3. Wave propagation through the liquid. The equations of motion 1.02 
and 1.03 can be used for a consideration of propagation of a wave through 
the liquid. To give the derivation extra equations determining the con- 
servation of the quantities involved have to be added. 

The first of these equations is, of course, the equation of continuity of 
the total density, 


r) ‘ 
(1.09) <- + div (On Vn + Os V,) = 0. 


As to the second equation different choices can be made [4]. The 
equation used here is that of the conservation of the entropy. It is supposed 
that at any time and at any point in the liquid the quantity x depends 
only on the temperature. In that case 


O(OS)  On@s gx 4: = A 2/7) __ 
(1210) ce div (Vv, V,) Ti V T=0. 


The last term in this equation is due to the effect of irreversible heat 
conductivity of common type. / is the appropiate coefficient. As will be 
seen, this effect has certainly to be included. Probably it gives the main 
contribution to the absorption of second sound. As usual in the derivation 
of the velocity of sound, only small linear deviations from the overall 
equilibrium values of the velocities, the pressure and the temperature are 
considered. Moreover, thermal expansion can be neglected in this case. 


Thus, for instance: 
(OP/de),= (0P/20)p- 
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Taking these simplifications into consideration, using the second law 
of thermodynamics on equation 1.10, introducing the relative velocity 
w=v,-—V, and the total current flow j=,V, +0,¥,, one gets after a simple 
transformation of 1.02 and 1.03 the set of four equations: 


(1.11) 8 grad 1” + (V2. } grad div) (j+-9,w)=0 
Pas era, wee ioh (ia wheel 
(1.12) 341 Bp Stade baa +4 grad div) (j+0,W) 
(1.13) 2 + div j=0 
Cy OL"  OnOs ce as A S39 mr 
(1.14) er eas o A : div Won | fi = (), 


The fluctuations of 7’ and o from their equilibrium values are indicated 
by a dash. 
As a solution of these equations a plane wave in the z direction is 
considered. The dependence of w, j, 9’ and 7” on ¢ and z is now of the form 
fp zip ‘ eg 
exp {iw(t—z/v)}. The result is 


r, , - Mn @W . : 

vwytvS* Ty+4t — (jp +0, Wy) =0 
Sen 

: Or -n@ _- 
294,+7—po,—$t —— (J, +0, W,)=0 
V" Jot ap C0 8° (Jo +s Wo) 

/ . =" 
V00—-Jo= 


, ; LAW py! 
TT) — ve Woon To= 0) 
the suffix 0 indicating the amplitudes. 
By the elimination of 7’, and w, one gets two homogeneous equations 
in jy and g, compatible for 
5 OF . 41a 
(1.15) tek Where & 
By first eliminating j) and 0) two equations in wy and 7’, result, yielding 
in a similar way: 


9 Is T'S*2 10) 4 F A 
(1.16) vy = SF ny +S) 
S v S % On Cy 


v, is the velocity of normal sound, v,, that of second sound. 

Quadratic terms in w are neglected in this derivation. Therefore, it is 
only valid for not too high frequencies. More explicitly 16 950: @?/9 0% 07 
must be small compared to the “static” value of v2 and 47,0,Am?/3 070, Cy 
small compared to the ‘static’? value of v%,. 

The nature of the two “sounds” is clear from this derivation. In the 
first sound the energy is oscillating between the kinetic energy connected 
to the total current j and the elastic energy connected to the local 


deviations of @ from its equilibrium value. This process is reversible apart 
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from the damping caused by viscosity. Damping from the heat con- 
ductivity does not occur, thermal expansion being neglected. In practice 
this is fully justified. 

On the other hand in the second sound the energy is oscillating between 
the kinetic energy connected to the relative motion of the two fluids and 
the energy connected to the local deviation of T from its equilibrium value. 
Because of the supposition that the local value of x is always in equilibrium 
with the local value of 7’, this latter energy behaves as an elastic energy of 
the normal fluid (or the superfluid). Again this process is reversible apart 
from the damping, to which this time both viscosity and heat conductivity 
contribute. 

In H. Lonpon’s description the static value of vz, becomes 
(1.17) e257 

On Cy 

The general form of the complex dispersion equation of the velocities 
can be written 


(1.18) v= +iwx, 


the suffix 0 indicating the velocity at zero frequency. 

Of course, real dispersion only occurs in the second approximation. The 
absorption coefticient 8 can be easily found; it is equal to the imaginary 
part of w/v: 

1 @? 
(1.19) p=55 «. 


This gives, however, only a part of the actual attenuation. KHaLat- 
NIkKOv’s calculations which will be discussed later on lead to the intro- 
duction of second viscosity. This means adding terms y, grad div v, and 
72 grad div v, to equation 1.03 and y, grad div v, and v4 grad div v, to 
equation 1.02. The values of « are consequently changed and become 


(1.20) O=— ($9424 Y¥3+ Ya) 


On y 
. $7+YV4)—(Yot¥s) +1} +— 


Os QCy 


(1.21) Oy = 


The f values, of course, are changed in the same manner. 

Absorption effects due to a finite relaxation time for the transformation 
of the normal into the super-fluid and vice versa were not considered. 
If such effects are to be included, x is no longer a function of 7 only. 
These effects were discussed by Kroni et al. [26] and Gortsr et al. [27] 
and may be responsible for the high attenuation of first and second 
sound near the A-point. Because this is out of the range of the present 
experiments, they will not be discussed here. 

It should be emphasized that only effects due to absorption in the bulk 
liquid have been considered. For a consideration of the extra attenuation 
in narrow tubes (surface effects) may be referred to publications by 
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DINGLE [28] and by PusuKoy [29]. In those papers attention is also given 
to the coupling occurring between the two sounds. 

Large amplitude effects (shock waves) have also been omitted. These 
have been considered by several authors (see DINGLE [2)). 


1.4. The theory of elementary excitations. As has already been mentioned, 
a microscopic explanation of the helium II problem has been tried along 
two lines, both ways of attack leading to the two-fluid model. At first 
sight the theory of the Boss—ErnstTgrn condensation appears to be the 
most promising one, especially in view of the apparent absence of a A-point 
in ?He which obeys, per force, FERm1—Drrac statistics. Unfortunately, 
however, only little progress could be made with respect to quantitative 
conclusions, although the recent approach by FryNMAN to this problem 
appears somewhat more promising [30]. 

Instead of starting with an explanation of the A-transition the theory 
of excitations considers the problem beginning at absolute zero. It is not 
intended to give a complete account of the development of this theory 
from the original quantum-hydrodynamics of Lanpav [7], via papers by 
H. A. Kramers [31] and Kronie et al. [9, 10, 11] to the recent work of 
FEYNMAN [12, 13, 14]. The only purpose is to give a very short summary 
of this theory as it stands now. 

At absolute zero 4He is, of course, in its quantummechanical ground 
state. Since the zero-point energy is very large, the small attractions 
between the atoms are not sufficient to form a crystal-lattice as occurs 
with all other substances (with the exception of *He). Helium remains 
therefore a liquid down to absolute zero [32]. 

If internal friction would occur in this liquid, the kinetic energy of 
helium flowing through a tube would gradually be diminished, the energy 
being transferred to the wall. Such a process should have to start by first 
exciting the internal motion of the liquid in the neighbourhood of the 
walls. This can easily be seen by considering the situation with respect to 
the coordinate system of the moving liquid. As has been pointed out by 
LANDAU, these excitations cannot be created, unless the velocity of flow 
is very large and consequently for moderate velocities the liquid is a 
frictionless superfluid. Its motion is of a potential kind, i.e. the curl of its 
velocity is zero. 

When the liquid is heated, excited states are occupied. The obvious 
possibilities for those low energy states are standing sound waves. By 
appropriate linear combination of these, progressive waves can be formed 
and by quantization the so-called phonons are produced. Certain locali- 
zation can be ascribed to them by forming wave-packets in the usual way. 
Thus one can form a picture of “particles” moving in the underlying 
superfluid liquid. For the phonons applies, of course: 


(1.22) w=v,k. 
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The energy attributed to one phonon is 
(1.23) e=ho 


and it carries a momentum 


(1.24) p=rk. 
Consequently also 
(1.25) e= vp. 


k is the wave vector, ie. the vector with the direction perpendicular to 
the planes of equal phase and with a magnitude of 2% over the number of 
wavelengths per cm. 2, is the velocity of the phonons, i.e. the velocity of 
sound. 

The energy of a phonon at a temperature 7 is of the order xT’, x being 
the Boltzmann constant. Thus at 1° K w ~ 10" Hz. The average wave- 


27 : 
length = of a phonon is, therefore, of the order of 10-*, i.e. about 30 times 


the atomic distance. For this reason in a theory of phonons no attention 
has to be given to the atomic structure, in other words the liquid can be 
considered as a continuum. 

The procedure of quantization, roughly indicated here, has been placed 
on a sound quantum mechanical base by Kronia and THEeLLune (2a, 

A second kind of excitation may occur with wavelengths of the order of 
the distance between the atoms (about 3 x 10-8 cm), i.e. & of the order of 
2 x 10° cm. The energy of these short wave excitations is much larger 
than that of the long wave phonons. On the other hand it can be argued 
that exciting a state with wave vector of the order of the reciprocal of the 
atomic separation is easier than states with somewhat larger or smaller k. 
Consequently a minimum may be supposed to occur in the e(k) plot of 
these excitations. 

The energy of the short wave excitations may then be written, in any 
case as a first approximation, 

h?(k® — kp) (p? — pp) 
where w is an effective mass, A the energy gap with the ground state of 
the liquid. To these new excitations the same “‘particle”-like behaviour 
can be assigned as that of the phonons. 

The exact nature of the short wave excitations is as yet not completely 
understood. Lanpav concluded to similar excitations by quantizing vortex 
motion in the quantumliquid. He called them ‘rotons’. This name is 
now in common use, so it will be used here, though it is by no means sure 
that rotation is characteristic of these excitations. 

The nature of the rotons was more closely considered by Feynman. Of 
course, for a calculation of the parameters of equation 1.26 from first 
principles a more exact picture is required than that given above. 
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FryNnMANn’s treatment has not been completely successful in this respect. 
The difficulty is to find the right wave function. He shows that several 
possibilities lead to an equation of the form 1.26. They involve, however, 
always a close consideration of the atomic structure of the liquid. Lanpav’s 
procedure of quantizing vortex motion without taking account of this 
appears now to be dubious. 

Frynman [13] and also H. A. Kramurs [31] were the first to emphasize 
the importance of the atomic structure for an explanation of the rotons, 
although A. Bri [33] just in considering the motion of one atom with 
respect to others, arrived at excitations of a similar character even before 
the introduction of the name “‘roton”’. 

Because A/x is experimentally found to be about 9° K, at temperatures 
of the order of 1° K only those rotons with wave vector just about 
k x ky=2.0 x 108 cm! are excited. This is perhaps the reason for the 
good results with the simple «(k) dependence of equation 1.26. 

The e(k) curve of the excitations in helium II is shown in fig. 1.1. 
Normally only phonons just near the origin are present. (At 1.5° K the 
average wave number of a phonon is about 10? cm—.) 
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Fig. 1.1. Energy spectrum of the elementary excitations in He II. 


The particle-like excitations thus formed can ‘‘collide” with each other. 
If the density of the excitations and their interaction is not too large, 
they can be considered as a “‘gas’”’ in thermodynamic equilibrium to which 
normal statistical methods can be applied. The difference with a real gas 
is that the number of particles in general is not preserved. The interaction 
of the phonons is a consequence of the non-linearity of the equation of 
state of the liquid [9]; the interaction between phonons and rotons and 
rotons with each other is a more difficult problem, the nature of the rotons 
not being specified. Some kind of interaction, however, will certainly 
occur. The excitations can also collide with the walls of the container, 
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thus being responsible for the transport of energy and momentum to the 
walls. Consequently friction will occur and the liquid will, for instance, 
show viscosity. A relation of the excitations with the normal part of the 
liquid presented in the two-fluid model becomes evident. 

The condition of not too many excitations together with not too large 
interaction puts a limit to the applicability of this theory. With rising 
temperature the amount, of excitations increases rapidly. What exactly 
occurs to them at the j-point is as yet rather unintelligible, but in any case 
it is evident that near this point the density of the excitations becomes 
too large to conserve the picture of a gas of weakly interacting single 
“particles”. Probably there is no sense in talking of single excitations in 
this region. As will be seen, deviations pointing to this appear to occur 
in the region of a few tenths of a degree below the /-point only. 

FEYNMAN [5] considered the reason for the scarcity of the number of 
excited states in the whole temperature range not too near the transition. 
This scarcity, as has been said, is essential for the formation of a gas of 
single excitations. He concludes that this searcity is a natural consequence 
of the Bosz-Ersrern statistics obeyed by the 4He liquid. In a Fermr- 
Dirac liquid probably a large amount of low energy states is present. This 
would give a simple explanation of the different behaviour of *He. 

Another explanation of this has been proposed by DE Bokr [34]. He 
considers a roton to be represented by the motion of two atoms in a cell. 
Then, of course, the statistics plays an important role in the behaviour 
of a roton. 

Accepting now the notion of a gas of weakly interacting excitations 
(weak meaning in the usual sense that the interaction makes no appreciable 
contribution to the total energy, but only preserves the internal equi- 
librium), it is possible to calculate, for instance, the specific heat. It is 
obvious that only the excitations contribute to the energy, the specific 
heat, the entropy etc. of the liquid. Each one of these quantities is the sum 
of contributions of the phonon and the roton gas separately. The phonon 
gas obeys Bosr—ErNsrEIN statistics, the roton gas probably also, but in 
view of the large minimum energy one may just as well apply BourzMann 
statistics in the latter case. 

The energy of the phonon gas per gram of the liquid is consequently 


if al € 
(1.27) By => aS epee 


By inserting the expressions 1.24 and 1.25, integrating and differentiating 

with respect to 7’ the specific heat can be calculated. The outcome is a 

simple low temperature DeBiJE term, proportional to 7. It can be written 
16, x41 78 

(1.28) Cm 75 ow! 

The only difference with the usual Desie specific heat occurring in 

crystals is the absence of transverse waves. 
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The calculation of the roton contribution can be carried out in a similar 
way. The total energy of the roton gas per gram of the liquid is 


(1.29) Pee 


ore 
: ced e exp (—e/xT’) dk. 


This yields for the specific heat 


Qu ppA® 1 wl 3 (xT? 
(1.30) = em PL + a tg(S) len“: 
The free energy and the entropy can, of course, be determined in the 
same way, using well-known thermodynamic expressions. 
At low temperatures expression 1.28 should give the main contribution 
to the total specific heat, at higher temperatures expression 1.30 pre- 
dominates and the temperature dependence is much steeper. 


(To be continued ) 
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1.5. The derivation of the two-fluid model. The derivation of the equations 
of the two-fluid model from the theory of excitations is given in several 
papers (e.g. Kronie [11]). A short review is given here. 

The first problem is to get a notion of e,- For the time being inter- 
actions between the excitations and the walls of the container are neglected. 
One has now firstly the whole liquid moving with velocity v,. Secondly 
the excitations may ‘“‘drift’’ in the liquid with average velocity w with 
respect to the liquid. 

Due to the motion of the background liquid the energy of an excitation 
of wave vector k (i.e. momentum p) is modified by the Doppler effect: 


wo’ =ao-+k-y,. 
Consequently also 


(1.31) é’=e+D)-v,. 


The distribution function of the excitations at rest with respect to the 
liquid (i.e. w=0) is 


(1.32) {o(p)=1fexp (e/“T—1), 
This is modified to 
(1.23) f(p)=1/{exp (e—w-p)/xT—1}, 


if the excitations have a drift velocity. 

In the latter two formulae it is supposed that Bosn—ErnsrEin statistics 
are obeyed, but this has no influence on the resulting general formulae. 
Also ¢ and p are chosen as variable instead of w and k, because this is 
somewhat more illustrative. 

Developing f(p) in a series of ascending powers of w gives 


(1.34) f(p)=fo(p) — 28 w-p+.... 


It is easy now to calculate the total momentum, i.e. the total mass flow 
of a unit of volume of the liquid. The total momentum of the excitations 
in the z direction is 


P.= 3 { [() v. ap. 


314 


Using the relation 1.34 and neglecting all but the first power in w, yields 


co 
4s ry) 
(1.35) P,=0,X35 Xo yA dp=o, W,. 


0 
This can be considered as the definition of the normal density e,. By 
adding pv, one finds the total current of the flowing liquid 


(1.36) j=ov, + 0,W = 0,V, + 0,7, 


with v,=Ww-+v, i.e. the mean velocity of the excitations in the laboratory 
system and 9,=o—o0,. This is in complete agreement with the two-fluid 
model. 

In the same way taking into account also the squares of the velocities 
one finds for the total kinetic energy 


It is now easy to find the equations of the two-fluid model from the 
laws of conservation of energy and momentum. They can be expressed in 
e, and thermodynamic quantities. The latter can be found from statistical 
formulae analogous to 1.27 and 1.29. An additional assumption is made 
by putting curl v,=0. Only potential movement is supposed to be possible 
in the superfluid [12]. 

The law of conservation of energy, only involving the excitations, of 
course, yields 
(05) 


(1.37) e 


+ div (eo S Vn) =, 


This equation shows clearly that the entropy is only connected with the 
normal fluid and is identical with equation 1.10 in H. Lonpon’s inter- 
pretation of the two-fluid model, except for the heat conductivity term 
which is neglected in the present derivation. 

Secondly the law of conservation of momentum of the excitations gives 


(1.38) d(0,W)/dt = —oS grad T. 


This equation is analogous to 1.11. 

Equations 1.37 and 1.38 give together the wave equation for second 
sound, irreversible effects being neglected. The interpretation of second 
sound in the excitation theory is now also clear. On the one hand one has 
the movement of the excitation gas with respect to the underlying liquid. 
On the other hand one has the local density fluctuations of the energy of 
the excitation gas. These density fluctuations are analogous to density 
fluctuations of the gas itself. Thus there is a close resemblance between a 
second sound wave in the excitation gas and an ordinary sound wave in a 
gas of molecules. This analogy is not quite exact, because the motion of 
the background liquid plays an essential role. 
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Finally the law of conservation of momentum applied to the entire 
liquid yields the expected equation 


)1.39) 0 (@nVn + O,V5)/dt = — grad P. 


Together with the law of conservation of mass 1.13 the relations 1.37, 
1.38 and 1.39 form the four equations of the two-fluid model. 1.13 and 
1.39 together give the wave equation of first sound. It should be stressed 
again that these derivations are only correct, if one can neglect other than 
linear terms in the velocities. Otherwise quantities as 9, and S are 
dependent on the velocities and consequently lose their simple meaning. 
This is, however, not the only complication, not even the most important 
one occurring at large velocities (see section IES): 

A few words must be added about the velocity of second sound according 
to this theory. As the equation of state of the phonons is known (formula 
1.25), the 9, due to the phonons can be calculated by means of formula 
1.35. Moreover, as has been seen, S.,, Cypn Can also be calculated. All 
quantities of equation 1.17 are now known and the velocity of second 
sound in the temperature region below 0.5° K, where only phonons are 
important, can be computed. At absolute zero it is found that Ut, = 502. 
This means v,,=137 m/sec. Since Tisza [21] had predicted a value of 
vy, decreasing with temperature below 1° K and finally becoming zero at 
T=0, it could be considered as a great triumph for Lanpav’s theory, 
when experiments revealed that indeed a rapid increase of velocity below 
1° K occurred. As will be shown, however, complications arise at these 
low temperatures. 

At higher temperatures, where rotons play an important role, equation 
1.17 can be employed to calculate o, from measurements of v.;. Also by 
using equation 1.35 information can be gained about the constants 
occurring in the equation of state of the rotons. Formula 1.35 yields for 
the roton contribution of o,: 

(1.40) One = 3 (200) ~"/ a (2) ae [1 pe (=) T | al cule 

This equation and a similar equation of c, (formula 1.30) make it possible 
to calculate A, p, and wu from experiments on the second sound velocity 
and the specific heat together. 

In the derivation of the four equations of the two-fluid model irre- 
versible effects were neglected. This is equivalent to the assumption that 
the quantities are in thermal equilibrium, though they may still be 
functions of coordinates and time. This is only true, if the times required 
for establishment of equilibrium in the gas of excitations is negligibly 
small compared to the times characterizing the change of the macroscopic 
conditions (e.g. the reciprocal of the frequency of a wave of first or second 
sound), or, what is essentially the same, if the mean free path of the 
excitations is negligibly small compared to the distances over which the 
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macioscopie conditions change appreciably (e.g. the wavelength). If this 
condition is no longer fulfilled, but the ratio of times or distances is still 
small, effects of deviations from equilibrium occur, but can be treated 
as linear deviations. These have been considered in the theories of LANDAU 
and KHALATNIKOY. The result of this theory is the introduction of extra 
terms in the equations of the two-fluid model. These are the terms of first 
and second viscosity and heat conductivity already mentioned in section 
1.2 and section 1.3. In section 1.6 some attention is given to KHALATNIKOV'S 
calculations. 

If the mean free paths are of the order of the wave lengths, a quantitative 
description of the phenomena is practically impossible. The extreme case 
of very large mean free paths gives again the possibility of a quantitative 
theory, if the dimensions of the experimental vessel are small compared 
to them. The latter two cases are discussed in section 1.7. 


1.6. The theory of Khalatnikov. Essentially KHALATNIKOY tries to solve 
the problem of the coefficients of the irreversible effects in helium II by 
considering the interactions or collisions between the excitations in a way 
very analogous to that of the kinetic theory of gases [35]. 

In a formal way [17] one can start with the general BoLTzMaNN 
equation for the gas of excitations, 


(1.41) ot ta (ht) +55 (FB) =P). 

f is the appropiate non-equilibrium distribution function and J(f) is the 
so-called collision integral, dependent on the interactions of the particles 
in question. For small effects in the sense of the last part of section 1.5, 
ie. for small velocities and small deviations from equilibrium, the first 
order of approximation is sufficient. This means that in the left hand side 
of equation 1.41 the equilibrium function f, of equation 1.33 can be 
inserted. In a formal way the BoLrzMANN equation can now be solved for 
f—fo which proves to contain terms proportional to div v, and div 1 oe 
grad 7’ and a term with a tensorial character. This new value of f can now 
be inserted in the conservation laws for energy and momentum in a way 
analogous to the procedure followed in section 1.5 with respect to fy. The 
first two terms of f—/, give rise to second viscosity terms, the third term 
to the heat conductivity term and the last term to first viscosity only 
connected with v,. The result is the set of equations 1.11 to 1.14 of section 
1.3 in which the second viscosity terms mentioned in section 1.5 are 
inserted. 

In this way KHALATNIKOV indicates the formal introduction of the 
effects mentioned. For an actual calculation of the coefficients mentioned, 
however, one has to know the nature and magnitude of different kinds of 
interactions occurring. This is a very difficult problem especially because, 
particularly with respect to the rotons, the nature of the excitations is 
still an open question. This problem has been attacked by Lanpavu and 
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KHALATNIKOV in a number of papers [14, 15, 16,18]. A very short 
summary of the results will be given here (see also WiLKs [45 ]). 

Firstly the normal viscosity and the heat conductivity will be con- 
sidered. These effects are determined by the transport of momentum and 
energy. This transport can be achieved by rotons as well as by phonons. 
For this reason the coefficients of the viscosity (7) and heat conductivity 
(A) are the sum of a roton (7. 4,) and a phonon (%pn> Ap,) Contribution. 
The suffix n of 7, will be omitted from now onwards. 

To calculate the viscosity KHALATNIKOV starts by writing down two 
separate BOLTZMANN equations, one for rotons and one for phonons, only 
taking into account a velocity gradient. The procedure for the calculation 
of the heat conductivity is similar, now using the appropriate BOLTZMANN 
equations with a temperature gradient. The rotons behave as heavy 
particles compared to the phonons. (The value of p, at Z’=1° K is about 
50 times the average momentum of a phonon.) Therefore, the influence of 
the phonons on 7, and 4, is negligible. The interaction of the rotons is 
unknown. The best approach which can be made to the solution of the 
problem is by taking the interaction energy to be proportional to a 6- 
function of the distance between two rotons. This is very similar to the 
case of a gas of solid spheres. The result is, of course, a value of n, mde- 
pendent of temperature and a value of 4, proportional to 1/7’. A common 
constant has to be found from the experiment. KHALATNIKOV uses for 
this the rather constant value of 7 measured between 1.4° K and 1.8° K [36]. 
The phonon viscosity (7,,,) is supposed to be relatively small in this region. 

The calculation of 7,,, and /,,, is much more complicated. Three different 
interaction processes have to be taken into account. Firstly the elastic 
scattering of phonons, secondly collision processes of phonons accompanied 
by the creation or annihilation of a phonon (inelastic scattering) and 
lastly the scattering of phonons by rotons. The first problem is to find 
the distribution function f in the case of the inequilibrium conditions due 
to the gradient in question. 

The mentioned processes are each characterised by a characteristic time 
dependent on temperature. This time indicates the rate of restoration of 
equilibrium by each process and is closely connected with the collision time. 

In the calculation of the phonon elastic scattering an important role 
is played by the nonlinear terms in the energy momentum relation of a 
phonon. KHaLaTnrkovy has to make a very rough guess as to its magnitude 
and, therefore, the results in this case are in general rather uncertain. It 
is, however, not unreasonable to accept with KHaLarnrKov that this 
process has by far its largest probability (i.e. its largest cross section) for 
small angle scattering. This results in a very rapid exchange of energy in 
one direction of motion of the phonons. 

The inelastic scattering processes cannot be calculated. The most 
important one is a 5-phonon process, i.e. 3 phonons are reverted into 
two or vice versa. KHALATNIKOV has to adopt the magnitude of the 
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appropriate time constant O},,, to experimental data on the absorption 
of first sound. @',,,, is proportional to 7°. (The upper index i stands for 
‘inelastic’, e will indicate ‘“‘elastic’’.) 

The process of scattering of phonons by rotons again is calculated by 
KHaLatnikov. He assumes that phonons and rotons interact, because 
the heavy rotons influence the local value of the density and, inasmuch 
a phonon is a density wave, collisions can take place. 

As the energy spectrum of a roton is known, if data are available on 
quantities as = a 10, the cross section of this process can be calculated. 
ovr 
dQ 

The time constant 0%, proves to be proportional to 1/NV,7*, NV, being 
the number of rotons per cm*. As the above mentioned quantities are 
not very accurately known (they can be found from experiments on the 
pressure dependence of v,, [46, 47] and v, [48, 49], the non-temperature- 
dependent factor of 0%, is only approximately determined. 

The main function of the elastic scattering of phonons, as has been 
mentioned, is a rapid exchange of energy for phonons moving in a certain 
direction. For this reason f has the form of a simple equilibrium distri- 
bution function, but with a temperature 7”, in general not equal to the 
local mean temperature of the phonongas. 7’—T7' is a function of the 
direction with respect to the direction of the gradient (in the viscosity 
case also of the direction of the macroscopic velocity). 

General equilibrium within the phonon gas is opposed by the process of 
scattering of phonons by rotons. This latter process proceeds much slower 
than the small-angle phonon-phonon scattering just mentioned, but faster 
than their large-angle scattering. 

The main influence of the 5-phonon process is a tendency to attain the 
equilibrium number of phonons belonging to the temperature of the phonon 
gas. Moreover, the rapid non-elastic process in which two phonons are 
converted into one and vice versa, noted by H. A. Kramers [31], con- 
tributes probably also to this. Owing to the conservation laws it can only 
occur without change of direction. This process has been excluded by 
KHALATNIKOV. The cross section of the 5-phonon process has a large 
maximum for small angles. 

At temperatures below 0.9° K it is found that @f,,,,<O%,, and, there- 
fore, the equilibrium with respect to the number of phonons is actually 
established in the phonon gas. At higher temperatures these time constants 
appear to be of about the same order of magnitude and the non-equilibrium 
of the number of phonons has also to be accounted for in the evaluation 
of f. 

At the lower temperatures (7'<0.7° K) @%,, becomes very large, because 
the number of rotons decreases very rapidly with decreasing temperature. 
In the case of viscosity the phonon-phonon scattering process then 
replaces the phonon-roton process in the limitation of the momentum 
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transport. According to KHALATNIKov this process cannot affect the heat 
conductivity. A similar situation exists in the theory of the heat con- 
ductivity in non-metal solids [37]. 

In the final part of the calculation the computed values of / are inserted 
in the equation for transport of momentum and energy respectively. 
After integration over the directions No, and A, are readily found. 

The main temperature-dependent factor of epee been TORO te Aba: 
T~he4", Neglecting the contribution from the phonon-phonon elastic 
collisions to the reciprocal viscosity (only occurring at the lowest tempera- 
tures) one finds 
oS Aga! Npn = 507 /T.. 

Comparison of 7,,, and 7, Shows that the latter contribution is the main 
one above 1.4° K (actually this has been adapted in this way), but that 
at lower temperatures 7, is negligible. /, and 4,, are of equal magnitude at 
2° K, but again at lower temperatures A, rapidly loses its importance. 

For an analysis of the absorption of second sound it is important to 
compare the viscosity and heat conductivity contributions. The ratio of 
these two according to equation 1.21 and using 1.42 is 
(1.43) oary/ ain 2/4 0.05 
independent of temperature. This is true, if n, and /, can be neglected 
(certainly below 1° K). 

The second viscosity coefficients are calculated by Kaanatnikov along 
a somewhat different line. He argues that inequilibrium conditions of 
numbers of excitations are responsible for the anomalous high attenuation 
of first sound. Therefore, processes involving annihilation and creation of 
excitations play here an important role. Only the already mentioned 
5-phonon process and a process in which 2 rotons are transformed into 1 
roton and a phonon or vice versa contribute appreciably. Other processes 
have too small a probability. These processes are characterised by the 
relaxation times @!,,, and O},. 

The approach to equilibrium numbers in the roton and phonon gas can 
be described by the equations 
( N,+ div (v, V,)= —A, Of, + Arn Ofbon 
( Ni, +div (v, Nn) = Apne Sér— Apron Opn 
du, and 6u,,, are deviations from equilibrium of the partial Gibbs functions 
for the roton and the phonon gas respectively. The coefficients A are 
directly connected with the relaxation times. 

From the equation 1.44 together with the four equations of the two- 
fluid model the laws of propagation of the “sounds” can be deduced, again 
only for the case of linear deviations. y, and w,,, are considered as a 
function of ¢ and z of the form exp iw (t—z/v) and one can proceed with 
the six equations in a way analogous to that of section 1.3. 


(1.44) 
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It is also possible to express , and y,,, in terms of div v, and div y,. 
By appropriate elimination one gets in this way the four equations of the 
two-fluid model now including the different seeond viscosity coefficients 
mentioned in section 1.3. It should be emphasized that this procedure of 
introducing the second viscosity terms is a very formal one. The advantage 
is that only four equations are required for describing the wave propagation 
in liquid helium II. Moreover, those equations only contain normal 
thermodynamic quantities. In the way of description with six equations 
the quantities , and y,,, which are directly connected to the phonon-roton 
picture still occur. 

As has been mentioned, the two fundamental scattering processes cannot 
be calculated exactly. Both effects contain a numerical factor which has 
to be deduced from the experimental results on the absorption of first 
sound. The main contribution of this absorption is due to the “‘second 
viscosity” effect, only a small term originates from the normal viscosity. 
KHALATNIKOV uses experiments of PELLAM and SQuIRE [18] to evaluate 
the numerical factors. They have been recalculated by CHAseE [39] on the 
basis of his latest experiments. 

The contribution of the second viscosity effect to the absorption of 
second sound is only a small one compared to the heat conductivity term. 
It is of the same order as the contribution from the normal viscosity. 

The conclusion to be drawn from all this is that although many uncertain 
points exist in the theory of KHALATNIKOy, the general tendency of the 
absorption of first and second sound to increase towards low temperatures 
is explained rather well. The main effect, however, is the decrease of the 
phonon and especially the roton density with decreasing temperature. 
Therefore, details of the theory of interactions may be wrong without 
very much affecting the results. It is clear that especially measurements 
below 1° K can give a good check on the theory, because the coefficients 
of the irreversible processes increase appreciably with decreasing tempera- 
ture. In any case KHALATNIKOV’s theory is the only one available at 
present. Finally it should be remarked that five independent irreversible 
coefficients are introduced (of the four second viscosity coefficients only 
three are independent), but that only three combinations of them are in 
principle measurable, i.e. 4, a, and o,. The heat conductivity cannot be 
measured independently, because convection effects always occur in 
helium IT, 

Here it should be emphasized that the introduction of these coefficients 
for an explanation of the absorption effects of first and second sound 
makes only sense, when the absorption coefficient is proportional to «2. 
This is equivalent to the assumption of small frequencies compared to the 
reciprocal relaxation times of the fundamental processes mentioned. If 
this assumption is no longer valid, the only approach to a solution of the 
absorption problem can be made by considering those processes directly. 
This should be a very difficult problem to solve exactly. In practice this 
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may occur at low enough temperatures, because all relaxation times 
increase with decreasing temperature. In the case of first sound Cyasr 
and Heritn [40] find indeed two maxima in the absorption curve as a 
function of temperature. Below those the absorption decreases with 
temperature, i.e. the frequency of sound is now larger than the reciprocal 
relaxation times. The two maxima can be contributed to the relaxation 
times of the two inelastic processes mentioned. The original KHALATNIKOV 
picture is only valid for the high temperature slope of the absorption 
curve. With second sound the situation is somewhat more complicated 
(see section 1.7). 

This theory can, of course, not explain the high rise of the absorption 
near the /-point. As this effect is beyond the scope of the present experi- 
ments, it will not be considered here. 

Finally for a comparison with experiments reference is made to 
chapter IV. 


1.7. The mean free path and second sound. As has been pointed out, 
KHALATNIKOV’s theory can only lead to the simple introduction of coeffi- 
cients for viscosity etc., if the deviation from equilibrium conditions is 
small. Restricting ourselves from now onwards to the case of second sound 
this condition means that the time of establishment of equilibrium at 
ordinary temperatures (mainly determined by O%,,) should be small 
compared to the reciprocal of the frequency of the wave; or, what is 
essentially the same, the mean free path of the phonons has to be small 
compared to the wave length. KHaLaTnrkov himself estimates the mean 
free path at 1° K to be of the order of 10-4 cm, but at 0.6° K of the order 
of 0.1 cm, increasing very rapidly (proportional to 7 ~®) below that tempera- 
ture. The low temperature estimates are, of course very uncertain, because 
the effect of phonon-phonon interaction, dominating in this region, is not 
adequately dealt with. The number of rotons is very small below half 
a degree. 

A second sound wave at 0.6° K of frequency say »=20000 Hz has a 
wave length also of a few mm and so one sees that the propagation of 
such a wave becomes very difficult; the condition mentioned above is no 
longer fulfilled. At still lower temperatures the damping is so large that 
there is no trace left of a periodic exchange of energies characteristic of 
second sound. In other words, second sound can no more exist. In contrast 
to first sound the absorption of second sound does not decrease again at 
very low temperature. The reason of this is the fast decrease with tempera- 
ture of the density of the gas of excitations. The situation is rather 
analogous to that of the propagation of sound in a very diluted gas, i.e. 
only some kind of diffusion process of phonons is left. In chapter IV the 
results of experiments on the propagation of heat pulses will also be 
described for this region. An explanation of these results is very difficult, 
because many effects are contributing. Firstly a heat pulse contains a 
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broad band of second sound wavelengths. The long waves will survive 
over a longer distance, the shorter ones are damped away immediately. 
Secondly the mean free path of a phonon is a much more complicated 
conception than that of a molecule in a gas. High frequency phonons will 
have a much shorter “mean” free path compared to the low frequency 
phonons. As the phonons are subject to a PLANCK distribution, again a 
smearing out of the effects occurs. Thirdly, it is seen, that the mean free 
paths become easily of the order of centimetres, i.e. of the order of the 
dimensions of the experimental vessel. This may again seriously affect 
the picture. 

When indeed the mean free path increases rapidly with decreasing 
temperature, this last effect becomes predominating at low enough 
temperatures. In that case the path of a phonon is no longer limited by a 
collision with a roton or another phonon, but only by the walls of the 
vessel. The general picture is now again a very simple one and is essentially 
that of a phonon gas in Knudsen conditions. As will be seen in chapter IV 
the results of measurements on heat pulses below 0.4° K indicate such a 
behaviour. 

The possibilities of the effects noted in this section have been first 
pointed out by GorTER [41] and also by Arkrys [42]. GorTER especially 
emphasized the non-existence of second sound at a low enough tempera- 
ture for normal second sound frequencies and normal dimensions of the 
experimental space. Possibly second sound would still be found in experi- 
ments on a very large volume of liquid and with very small frequencies. 

There is one last effect which may influence the phenomena at the 
lowest temperatures. Helium normally used for experiments contains a 
very small concentration of He atoms (for helium from wells about 1 in 
10°). It is not unreasonable to suggest that these atoms may limit the 
free path of the phonons, when the other effects of roton-phonon or 
phonon-phonon collisions give no more an effective limitation. One could, 
for instance, imagine an interaction of phonons with He atoms in a 
similar way as that of phonons with rotons, i.e. by means of the local 
disturbance of the density by the *He atom. 

Such a limitation of the mean free path is in agreement with experiments 
on second sound in mixtures of ?He and ‘He in which the amount of He 
is much larger [43]. In these experiments second sound indeed exists 
down to the lowest temperature values without any appreciable attenu- 
ation. As will be shown, the present experiments also indicate an influence 
from the presence of a small amount of °He. 

i 

1.8. Final remarks. In the present state of the theory of excitations it 
is not possible to explain adequately large amplitude effects, the possible 
existence of a critical velocity of flow or the mutual friction introduced 
by Gorrer and MELLInx on the basis of experiments. As has been pointed 
out by OnsaGER [44] and by Frynman [5], some kind of turbulence 
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occurring in the superfluid may be responsible. This implies that curl y, is 
no more zero. A complete solution of this question, however, appears to 
be very difficult. 

The second limitation has been noted already. No explanation can be 
given of the phenomena near the 4-point nor of the 4-point itself. 

The conclusion as to the reliability of the theory within the limits set 
by these remarks has to be postponed till the discussion of the experimental 
results. 
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PHYSICS 


ON INTEGRALS OCCURRING IN THE VARIATIONAL 
FORMULATION OF DIFFRACTION PROBLEMS 


BY 


AC DE HOOR 


(Communicated by Prof. R. Kronic at the meeting of June 25, 1955) 


1. Introduction 

If the variational formulation of scalar diffraction problems [1] is 
applied to the diffraction of a plane wave of wavelength A=2n/k by a 
circular aperture of radius a or an infinite slit of finite width 26 in a plane 
screen, the following integrals are encountered 
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2u, 2y 2u, 2v 


s(t 2) I a) Ja (Uae, 
0 
in which Re(w+yv)>4, and 
(1.2) Rey ok U1) = if (u?— hat J(u) J 5,(U) du, 
0 


in which Re(u+v) > —4. According to the diffraction problem considered, 
we have «=ka or «=kb, with «>0. The square root in the integrands 
is defined as (w?—a?)'>0, if usa and (u2—«2)t= — i(x?—u?)* with 
(x? —u?)*> 0, if w<w. The superscripts 1 and 2 refer to the type of boundary 
value at the screen (vanishing of the wave function or of its normal 
derivative respectively). 

The case of diffraction by a circular aperture [2] leads to w=m+3/4, 
yv=n+3/4 in (1.1) and to w=m+1/4, v=n+1/4 in (1.2), with m and n 
non-negative integers. The case of diffraction by an infinite slit [3] leads 
to w=m, v=n, with m and n positive integers, and ~=m-+4, y=n+t, 
with m and nm non-negative integers, in (1.1) and to w=m, v=n and 
H=M+3, v=n+4, with m and n non-negative integers, in (1.2). 

The results derived in the present paper are in the form of series in 
powers of «. In the special case that ~+y is an integer, these series are 
not power series in the strict sense because their coefficients contain log w. 

Separating the right-hand sides of (1.1) and (1.2) into the parts that 
correspond, for real values of « and y (which are of special interest in the 
physical problems described above), to the real and imaginary parts of 


the integrals, we have 


(1.3) Byjev = J U*(U? — 0?) Ja,(u) Fo,(w) du, 


(1.4) 12) 9, = f u-2(a2—u2)* T,(u) Top(u) du, 
(1.5) RE», =f (u2—a2)-*To,(u) Fo,(u) d 
(1.6) I2) 9, = f (x?—u2)-* Jo,(u) Joya) du 


° (1 * (1) 
2. The expansion of Revie —t13u, 2 


The simplest way to obtain the series expansion of J, 2, is to substitute 
in (1.4) the power series for the product of two Bessel functions of the 
first kind [4], viz. 


—) Prt utoth Prt eto) ute 
as P(r+2u4+1) P(r +2v41) Pr + 24+ 241)" 


(2.1) Jo,(u) Jo,(u) = 2? ys 
Changing the order of summation and integration and evaluating the 
resulting Eulerian integral of the first kind [5], we obtain 


eet I(r+p+r—}) ert 2u+ 2p 
P(r+2u+1) (r+ 2v41) P(r+2u4+ 2v+]1)° 


(2.2) To) 9 oe a — 2a 


When uw+v=q, where qg is a positive integer, we rewrite (2.2), with 


=q+r, as 
2.2) Maw = 3 pe pe ee 
2. 2u,2q—2u — =p 24 p—¢e+1) P(p—q+ 2u+1) I(p+q—244+1) Teast: 


To derive the expansion of Ris, we use the Mellin integral [6] for 
the product of two Bessel functions of the first kind, viz. 
] otto at T(— 8) ist utv+d P(stytvtl) uresteut+e 


(2.4) J o,,(U) J 9,(U) aa Sane ne om T(s + 2u+1) T(s+2v41) T(s+ 2u+2v+1) ds, 


in which Re(u+v)>— 4; the path of integration, Re s=c, lies in the strip 
—Re(u+r)—4<Res<0. Substituting (2.4) in (1.3), changing the order 
of integration and evaluating the resulting Eulerian integral of the first 
kind, we obtain 

] otto T(— a) Fist utv+ 4) Met+ntrtl) I(—s— p—v) o28t2u+2e 


CiGia Aap ee | | 
selbst Gani ,.. APO Qu) Pet Wy 41) Flet 2u4 241) Feo Lay 


where Res=c has to satisfy both —}<Re(s+p+y)< Re(u+y) and 
Re(s++v)<0; the latter condition arises from the integration with 
respect to wu. The poles of the integrand to the right of Re s=c are located 
at s=r and s=—yu—v+r(r=0, 1, 2,...). If w+» is not an integer, in 
both sets the poles are of the ficgt arian Closing the contour towards 
the right, we learn from Jordan’s lemma that the contribution of the large 
semicircle vanishes if its radius tends to infinity. Application of the 


theorem of residues ae 


Prt ute + 3) 10+ w+ —4) cos (uty)  o2t +2427 
(2.8) Bae = = fe ie (rp 21) Pert 2v-+1) Pr-+ 2u-F By +1) sin (u-Lv) ae 
~ (yes) Pe 4) 0?" 
r=o 42(r—w—y +1) (r+ p—yt)) Pr M+vy+l) r+ u+y+1)sin (uty) a 
If, however, w+»=q, where q 1s a positive integer, the poles at s= —q+p 
(p=0, 1, 2, ..., g—1) are of the first order and the poles at s=r (r=0, eons) 


are of the second order. Application of the theorem of residues now leads 
to an expansion in powers of «, the coefficients of which contain log a. 
Evaluating the residues, we find 


/ es I\—p+q) (p+) I(p—$) 0” 
Be 20-96 = — > ie ai 5 os 
4 p=9 I(p—q+ 2u+1) P(p+q—2u+l1) Mp+¢q+1) 
(2.7) 1 2 (—F P(r+9+4) P(r+q—$) of +20 
eT — ; 
4a P(r+-1) Pr+ 2u+1) P(r+ 2q eo tl) P(r 2¢--1) 


p 

/ [2log a + plrt+q+4) + pirt+¢q—}) — ylr+1) + 

\ (r+ 2u-+1) —y(r+2g—2u+1) — y(r+2q41)], 
where y(z) denotes the logarithmic derivative of I'(z). With p=q+r in 


the second summation in the right-hand side of (2.7), the expression 
for R%i2,-2, can be written as 


/ Ro cin T(=p+q) p+) Pp— 4) a a 
EE hy —9+ 2u+1) Pp+q—2u+1) Pip+¢qtl) 
\ win (—)?-* Pp +4) P(p— 4) o% 
(2.8) ae 2p —g+1) I(p—q4t 2u+]) Pip+q—2u+l) Pip+q+l) 


ei + p(p+2) + v(p—4) — p(p—q+1)+ 
— W(p— q+ 2u+ 1) — p(p+q—2u4+1) — wp(pt+qt])]. 


Combining (2.2) with (2.6) and (2.3) with (2.8), we obtain as final results 


2 (=) Mert ty th) Prt uty —#) exp [— i+) wo] ar toute 
(Z29)" 2 ses 4D (r+1) (r+ 2u+1) P(r+ 2v41) P(r + 2u+ 2v+1) sin (w+) x 

= ta a) LG) oe" 

> are p—v +1) L(r+ w—vt+l) P(r—p+r4+1) Pr+u+v+l1)sin (uty) a 


1 y 71) as 
Ro fy uy 2 
+ 


which holds if Re(w+v)>4 and w+y is not an integer, while 


; egras I(—p+q) (p+) Pip—4h) « 
dig oe aee 22 DL og eon a ae p=0 2 (p—Gg+2u+1) I'i(p+q— oft Ip = nel 
jag (a Aces) Ep 49) 6 : 
(2.10) 5 T(p—q+]) I(p—q+ 2u4+1) M(pt+q—2u+)) Pp+q4+l) 


) 
-[2 log « — mt + w(p+4) + v(p—4) — p(p—qt)) + 
— W(p—qt+2u+ 1) — p(pt+¢q—2u4+1) — yp(pt+¢q+))], 


which holds if q is a positive integer. 
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3. The expansion of Ry, op tS ov 

To derive the expansion of /%).2, we substitute (2.1) in (1.6). Changing 
the order of summation and integration, evaluating the resulting Eulerian 
integral of the first kind, we are led to 


cal [2 ‘ (—) D(rt+ pt vt) Dirt pte g) or tet er 
( : ) Qu, 2» m2 2T'(r+1) I'(r+2u+1) T(r+ 2v 41) P(r+ 2n+ 2v41)" 


r=0 ~ 


When «+v=q, where q is a non-negative integer, we rewrite (3.1), with 
p=q+r, so as to obtain 


ie (—)?~- 2 (p+ 4) Ppt 4) a”? 
B2)) 1s = . 
(3.2) 1u,20-2 = 2 oF 9—q+1) I(p—qt 2u4]) M(pt+q—2u+)) P(p+q4l) 


To obtain the Mellin integral for RY?.2, we substitute (2.4) in (1.5), change 
the order of integration and evaluate the resulting Eulerian integral of 
the first kind. This procedure leads to 


Ga) PO gp CO ee eee 
2H. 29 Omni woo LL (s-+-2u+1) P(s+2v+1) (s+ 244+ 2v+1) P(—s—p—yv-+ 4) 


c—1 


ds, 


where Re s=c lies in the common part of the strip —}<Re(s+y+yr)< 
<Re(u+y) and the half-plane Re(s+«+¥)<0; the latter condition arises 
from the integration with respect to wu. The poles of the integrand to 
the right of Re s=c are located at s=r and at s= —u—v+r (r=0, 1,2, ...). 
If w+y is not an integer, in both sets the poles are of the first order. 
Upon closing the contour towards the right, the contribution of the large 
semicircle vanishes in virtue of Jordan’s lemma. Application of the 
theorem of residues gives 


R2 _ foe) n<}f T(r Jy +4) T(r+pt ye 3) cos (uty)a ner 2u+ Qe 
ne 23 aah (r+ aires 1) P(r + Qu + 2v+1) si - 
(3.4) = 2u- + 2y+1) P(r+ 2u+ 2y+1) sin (u+yv)a 
é . (—) P(r+4) P(r+ 4) a 


rao ce (t—e— 1) P(r+p—v+1) I(r—p+v+l) P(r+u+r+l)sin (ut+y)a° 


If, however, «+»=q, where q is a non-negative integer, the poles at 
s=—q+p (p=0,1,2,...,q¢—1) are of the first order and the poles at 
s=r (r=0,1,2,...) are of the second order. Application of the theorem 
of residues now leads to 


i Re) Sara I'(—p+q) (p+ 4) I(pt 4) x” rl 

20 pao P(p—q+2u+1) P(p+q—2u+1) Pip+q4)) 
(3.5) « oo , (—)' Pir+q4+4) Pir+q4 4) a t2a . 
2a pp Pr +1) Mr + 2 +1) Pert 2q— 2 +1) Mer + 2q+1) 

[2 log « + 2y(r+q4+$) — y(rt+]) — y(r+2u41) + 


— y(r+ 2¢—2u+1) — p(r+2q+1)]. 
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With p=q+r in the second summation in the right-hand side of (3.5), 
the expression for PRyi2q—24 can be rewritten as 


(2) aS I(=p+q) I(p+4) Ppt 4) 0” 
Fes) 2q—2n = 5 + 
2% po P(p—qt 2n +1) Pip+q—2n+]) Pip +q+)) 
(3.6) wa s (—)P" 2 P(p+4) P(p+4) 02” 
2% yaq 1 (p—9+1) I(p—¢q4+ 2u+1) I(p+q—2u+1) I(p+q+l) 


) 
2S 
ee t 2y(p +3) — p(p—q+1) — yp(p—q+2u41) + 
— W(p+q—22u+1) — y(pt+qt))]. 


Combining (3.1) with (3.4) and (3.2) with (3.6), we obtain as final results 
RP o» i Oy a 


Se "LXer ety t+$h) r+ pty +4) exp [—a(u +) a] oft t2u+2» 
27 (r TH) Dr 2 +1) Pr + 2v+1) Prt 2u 4+ 2y 41) sin (uty) x 


T=0 
] s =) Peas) Pee hy a 
\ re 21(r 


Bel) Prt pv +l) Pr—p+o4l) Pep +o+)) sin (uty) 2’ 
which holds if Re(u+v»)>—4 and n+» is not an integer, while 


(3.7) 


{Re 2 +4f@),_» eee S I(—p+q) I(p+4) P(ip+4) 0 | 
H, 29-2 2p, 2a— 2p 5 p=0 L(p—q+2u-+1) I(p+q—2u+1) ip+qt) i 
(3.8) | 


1 S: (a) Pipers) Pips) oe?” 

2m pag I(P—94+1) [(p—g4+ 2u4+1) (p+ q—2u41) Pipt+q+l) 

“(2 ae oo — a + 2y(p+3) — p(p—g+1) — w(p—q+2u+1) + 
p(p+q—2u+1) — p(p+q+)])], 


which holds if q is a non-negative integer. Equation (3.7) has been obtained 
by Bouwxkamp [7]. 


4. Concluding remarks 

Finally, it may be remarked that the integrals (1.1) and (1.2) are 
analytic functions of ~ and y in the domain of convergence. Hence, the 
results (2.10) and (3.8) follow from (2.9) and (3.7) respectively by analytic 
continuation. This procedure is most easily carried out by differentiating 
(2.9) and (3.7) with respect to w+y, after having multiplied both sides 
of these equations with sin (w+ ¥)z. Taking the limit for ~+»—q, where 
q is an integer in the domain of convergence of the integrals, we obtain 
the desired results. 


Delft, May 17, 1958. 
Laboratorium voor Electrotechniek der 
Technische Hogeschool, Delft, Netherlands. 
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COLLOID CHEMISTRY 


CONTRIBUTIONS TO THE KNOWLEDGE OF 
P-COACERVATES. IV 1) 


Extension of the meaning of the terms O-coacervate and P-coacervate 
6. Mono- and bimolecular films in P-coacervates 


c. P-coacervation in mixtures of a long chain cation and a long chain 
anion electrolyte 


BY 


H. G. BUNGENBERG DE JONG anp A. DE BAKKER 


(Communicated at the meeting of June 25, 1955). 


1. Introduction 

The present communication is to be considered as a publication in the 
series “Soap coacervates with special properties, hitherto only known in 
coacervates of phosphatides”’ which will be continued under a new general 
heading. It will be dedicated to the study of coacervates with special 
properties at the coacervate boundary, not only of anionic or cationic 
long chain electrolytes but also of amphoionic long chain electrolytes 
(phosphatides). In section 2 reasons are given with respect to the above 
extension of scope of this series and broadening of the meaning of the 
term P-coacervate. The discussions are based on the recently discovered 
close connections between the colloid chemistry of phosphatides and of 
anionic and cationic detergents. These connections lead to a renewed 
discussion concerning the nature of the coacervate boundary and of the 
very thin membranes which play a prominent part in the morphology 
of drops of P-coacervate (section 3). On the other hand the above con- 
nections lead to a certain supposition which is checked experimentally 
in section 4. 


2. Hatension of the meaning of the terms O-coacervate and P-coacervate 


ae 


When in 1932 the morphological peculiarities of coacervate drops of 
phosphatides (see fig. 1 in section 3) were discovered 2), no connection 
existed between the colloid chemical behaviour of phosphatides on the 
one hand and simple detergents on the other hand. It is true that solutions 
of the latter may be brought to coacervation with appropriate salts 


) Part I, II and III of this series have appeared in these Proceedings 52, 
783, 794 (1949) and 54, 81 (1951). 

2) H. G. BUNGENBERG DE Jona and R. F. WesrerKamp, Biochem. Z. 248, 
335 (1932). 
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(e.g. K-oleate with KCl), but these coacervate drops show no trace of 
the peculiarities of phosphatide coacervates. 

The isolated position of phosphatide coacervates lasted until the appear- 
ance of the first communication of the present series in 1949. It was shown 
that by the joint action of a salt and a suitable higher alcohol a second 
kind of coacervates may be obtained with anionic and cationic detergents, 
which show all the characteristics hitherto only known in coacervates of 
phosphatides. They were therefore called P-coacervates (P = phosphatide- 
like) in contradistinction to O-coacervates (O = ordinary), which are ob- 
tained with anionic and cationic detergents by the action of salts only. 

Very recently important progress has been achieved in the colloid chem- 
istry of phosphatides by studying them from the point of view of association 
colloids !). It appeared that just as in the case of anionic and cationic 
association colloids, there also exist in phosphatides (amphoionic associ- 
ation-colloids) two kinds of coacervates, a) the already known coacervates 
with morphological peculiarities and b) coacervates which show no trace 
of these peculiarities and therefore are quite analogous to the O-coacer- 
yates of the anionic and cationic long chain electrolytes. The two kinds 
of phosphatide coacervates are arranged in a characteristic sequence of 
different kinds of colloid systems of phosphatides in the same places, 
where in the corresponding sequence applying for anionic and cationic 
long chain electrolytes P-coacervates and O-coacervates are found. 
Compare survey II in section 4 below. As a consequence of the above 
developments it seems indicated to extend the meaning of O-coacervates 
and P-coacervates also to phosphatides (amphoionic long chain electro- 
lytes), and to ignore the original meaning of the prefixes O- and P-. 
In future we will formulate these terms as follows: 

1. P-coacervates=coacervates obtained with long chain association- 
colloids (anionic, cationic or amphoionic long chain electrolytes), in which 
the surface boundary coacervate/equilibrium liquid has outstanding 
different properties on both sides, as revealed by a number of morpho- 
logical peculiarities which may be observed. 

2. O-coacervates=coacervates of the same three classes of association- 
colloids, in which there are no indications for special properties of the 
coacervate boundary. 


3. Mono- and Bimolecular films in P-coacervates 

The great wealth of morphological peculiarities which may be observed 
on P-coacervates (fig. 1) can be reduced to a number of elementary events 
which are given in survey I below. 

The discussions in this section will be restricted to the formation and 
nature of the very thin membranes which play such a prominent role 


1) H. G. BUNGENBERG DE JoNnG, A. DE BAKKER and D. ANpDRimssE, These 
Proceedings, Series B58, 238, 251, 257 (1955). 
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in the morphology of P-coacervates. The fact that they arise according 


to the ways B and C, but never according to A (compare survey I) might 
suggest that the thin membranes are simply lamellae of coacervate. 


OOO aocsco 


& 


Bs “4 ees 
OO-dD oe. 
ae 4 J 30 Bs ow SV 
@e ee2e : 
Fig. 1. Peculiarities of drops of P-coacervates 


In this case both sides of the lamella will have the same interfacial 
tension as present at the boundary between coacervate drop and equi- 
librium liquid. 

This leads to absurdities. however, when it is taken into account that 
the angles between the thin membrane and the two coacervate boundaries 
are about equal’). In fig. 2 the four interfacial tensions have been 
designed acting at the upper insertion place of the thin membrane 
(fig. 2A in the case of a coacervate drop with attached vesicle; fig. 2B in 


Fig. 2. Illustration of the consequence of the hypothesis that the thin membranes 
are lamellae of coacervate, as regards the interfacial tension 


the case of an articulate vacuole). It is easily seen that with a finite 
angle between the two coacervate boundaries at the insertion place of 
the membrane the four equal interfacial tensions cannot hold one another 
in equilibrium. In the formation of the thin membranes the two inter- 
facial tensions on either side (fig. 2) must actually have been reduced to 
about half their original values. It must be concluded that the assumption 
that the thin membranes are simply thin lamellae of coacervate cannot 


be true. 


1) Preliminary measurements from microphotographs by W. W. H. WetszEn 
of the angle between the two coacervate boundaries at the insertion place of the 
thin film gave values between 120° and 130°. 
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Another line of reasoning which may be followed leads to the same result. 
For this it must be considered whether the formation of an articulate 
vacuole (fig. 3) or an attached small vesicle (fig. 4) involves a decrease 
or increase of the total surface. 


LA oe Zs 
=> A => 
Fig. 3 Fig. 4 


Figs 3 and 4. Tllustration of the consequence of the hypothesis that the thin 
membranes are lamellae of coacervate, as regards the change in total surface 


It is clear that in fig. 3 the total surface increases (a deformed sphere 
with the same volume as the original sphere having a larger surface). 
Also in fig. 4, the total surface increases, partly resulting from the defor- 
mation (at constant volume) of the original spherical vacuole, but also 
resulting from the substitution of a circular area of the plane surface 
by the area of a curved surface !). Assuming once more that the thin 
film has the nature of a coacervate lamella, it follows that the formation 
of an articulate vacuole or of a small attached vesicle must involve an 
increase of the free surface energy and therefore should not take place 
spontaneously. As in reality these processes are spontaneous and thus 
involve a decrease of the free surface energy (in spite of an increase of 
the total surface) our assumption that the thin membrane has the nature 
of coacervate lamella cannot be held true. 

The above discussions rather lead to the conclusion that in the formation 
of the thin membrane the surfaces on either side have interacted (decrease 
of free surface energy), which is only possible when the membrane is only 
a few molecules thick. 

This then supports another interpretation of the formation of the thin 
membranes, which was given by BUNGENBERG DE Jona and Bonner, 
soon after the discovery of the morphological characteristics of phospha- 
tide coacervates *). They too started from the contrast in the result of 


') The same practically holds for the formation of a vesicle also attached to a 
coacervate, when the radius of the vacuole is small compared with the radius of 
the coacervate drop. Then the decrease in radius of the latter at the formation of 
the attached vesicle may be neglected. With larger vacuoles, this difference cannot 
be neglected and only a calculation can show whether the total surface increases 
or decreases in the given circumstances. The angles between the meeting coacervate 
boundaries and the thin film, are not known accurately. Taking the three angles 
equal, one calculates for the case of fig. 2A (radius of attached vesicle equal to the 
radius of the bearing coacervate drop) that in the formation of the attached vesicle 


the total surface has increased by 5.5 %. 
*) H. G. BUNGENBERG DE JonG and J. Bonner, Protoplasma 24, 198 (1935). 
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the meeting of two coacervate boundaries between way A of the survey 
(no stable membrane is formed) and the ways B and C (formation of a 
very thin stable membrane), and it was concluded that the properties 
of the boundaries coacervate/equilibrium are different on the two sides. 
It was assumed that the coacervate boundary is formed by a monolayer 
of oriented phosphatide molecules, which assumption automatically 
explains that the coacervate boundary has different properties on both 
sides. When two such boundaries meet with the appropriate sides, a 
stable bimolecular film may arise (this explains the formation of vesicles 
attached to the surface of the drops and the formation of articulate 
vacuoles). When the two boundaries meet with the other sides, no stable 
bimolecular film is formed (two coacervate drops meeting fuse into one 
larger spherical drop). 

So far we can still subscribe the explanation given in the above men- 
tioned publication as valid for P-coacervates. No value can be attached 
any longer to further details, which were based exclusively on the structure 
of the phosphatide molecules since it was observed that P-coacervates 
may also be obtained from simple anionic and cationic long chain electro- 
lytes (detergents). For instance it was assumed that the phosphatide 
molecules in the monolayer are directed with their two ionized groups 
towards the interior of the coacervate, which leads to the consequence 
that the two layers of the bimolecular film are held together by Coulomb 
interactions and the hydrocarbon chains are directed outwards. 

At present it seems more probable that the phosphatide amphoions 
—and similarly the long chain ions in the P-coacervates of detergents — 
are oriented in the coacervate boundary just the other way around as 
was originally assumed. This leads to a structure of the bimolecular film 
which is at first sight more acceptable, namely, with the polar groups 
on the outside and the hydrocarbon chains directed to the inside. Never- 
theless, there are reasons why a too rash conclusion in this matter seems 
dangerous '). As long as the experimental proofs in favour of one of the 
two possibilities are wanting, the question how the bimolecular films are 
built is better left undecided. 


4. P-coacervation in mixtures of a long chain cation and a long chain 
anion electrolyte 


In section 2 we have already alluded to the recently discovered close 
correspondence between the colloid chemistry of phosphatides on the 
one hand (we mean those which have one ionized positive group and one 
ionized negative group) and the colloid chemistry of cationic and anionic 
long chain electrolytes on the other hand. Survey II shows that the same 


characteristic sequence of colloid systems applies for phosphatides and 
for detergents. 


1) See part II of this series, on page 798. 
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The simplest entrance (dry colloid+much H,Q) lies at different places 
in the two rows and leads to a different colloid system (compare the two 
vertical arrows). In the lower row, it leads to a suspension of the smectic 
phase of the phosphatide. The smectic phase consists of parallel layers 
of oriented phosphatide molecules. At the surface of such a layer— 
compare fig. 54—a regular pattern of positive and negative charges 
exists with an equal number of both kinds. 


aa ou Pd) 


| 
ees ee -eeccccces ~~ 


Fig. 5. Correspondence in the charge pattern of plate-micelles of phosphatides (A), 
of detergents with 100 % bound oppositely charged ions (B) and of a mixture of 
long chain anions and long chain cations in the ratio 1: 1 (C). It must be realized that 
the exact geometrical pattern at the surface of the micelles is not known. It seems 
possible that the oppositely charged groups form a charge mosaic in one plane 


The simplest entrance to the upper row leads to the non-elastic solution, 
in which one has to assume so called spherical micelles. From here on the 
smectic phase may be obtained by adding a suitable salt (for instance 
KCl in the case of K-oleate, see the solid arrow in the upper row). Here 
we have reached the final state of a series of events (gradual binding of 
the oppositely charged ions to the ionized groups of the detergent, trans- 
formation into sandwich micelles which grow more and more in extension, 
increasing intermicellar interactions by means of the charge pattern on 
the latter) for the details of which we refer to the communication quoted 
in note 1, page 332. The smectic phase consists once more of parallel layers, 
but now the latter consist of long chain anions + bound cations or of long 
chain cations + bound anions. Fig. 5B represents the case that the amount 
of bound ions has indeed reached its maximum value (equivalent binding). 

We perceive that the charge pattern 1:1 in the schemes A and B of 
the figure is now the same. We see further from survey II that the smectic 
phase takes a key position with respect to the obtainment of P-coacer- 
vates. In both rows only a suitable higher alcohol has to be added (compare 
dotted arrows). As it seems unlikely that the higher aleohol— being a 
non-electrolyte — will fundamentally alter the charge pattern character- 
istic of the smectic phase, we may conclude that the latter is still present 
in the plate micelles of P-coacervates. The same applies for the mono- 
molecular films at the coacervate boundary and the bimolecular films 
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discussed in section 31). Further it may be concluded that it is most 
favourable for P-coacervation when the charge pattern correponds to the 
ratio 1:1. 

The above leads to the expectation that it should be possible to obtain 
from an equivalent mixture of a cationic and an anionic long chain 
electrolyte, merely by means of a higher alcohol (so without added 
salt), one and only one P-coacervate containing both kinds of long chain 
ions, as we can imagine the long chain ions to be arranged in the manner 
as in fig. 5C, which leads to the same charge pattern 1: 1 as in fig. 54 and B. 
P-coacervation will probably still be possible in a limited range of mixing 
ratios around the equivalent mixing proportion in which case the coacer- 
vate should be positively charged when there is an excess of long chain 
cations and negatively charged when the reverse applies 2). 

The following experiments sub a), 6) and c) were undertaken to investi- 
gate whether the above expectations might come true. 


a. Myristyldimethylammoniumchloride + Laurylsulfate +- amylalcohol 3) 


We started from a preparation of myristyldimethylamine from Eastman-Kodak 
and from a preparation of Na-laurylsulfate from the Amsterdamsche Kininefabriek. 
We titrated a mixture 1.21 gr of the former preparation and 90 ml H,O with about 
0.1 N HCl to a pH of 6.2. From the amount of KCl, the titer and the end volume 
of the clear solution one calculates that it contains 48.1 m eq/l of the cationic long 
chain electrolytes. From the purity of the Na-laurylsulfate 4) it is calculated that 
the stock solution used (1.82 g/100 ml) contains 52.4 m eq/l. It follows that the 
cationic and anionic detergents are present in equivalent amounts at a mixing 
proportion of 48 % expressed in volume percentages of the laurylsulfate stock 
solution. At room temperature (19.5°) 5 ml mixtures were made of the two stock 
solutions, in which the above mixing ratios varied with steps of 2 % from 40 to 60 % 
and further with steps of 10 %. At 46, 48, 50 and 52 % flocculation occurred with 
a maximum at 48 %, that is at the calculated equivalent mixing proportion. On 
either side of the above tract of mixing ratios there was a more or less strong 
opalescence, except at 10% and at 90% (fig. 6, cl=clear.) We now added with the 
aid of a dropping-device described elsewhere 5), to each mixture one drop of amyl- 
alcohol (50 drops weigh 426.5 mg) and mixed thoroughly. No change was seen in 
the appearance of the mixtures. We then continued to add amylalcohol and from 
3 drops on the flocculated range extended from 44-52 %, with the maximum still 
lying at 48 %. This was still the case when 7 drops had been added, see shaded 


1) H. VAN DEN Bera, Thesis, Leiden 1953. It was concluded from observations 
on the streaming birefringence of P-coacervates, that the latter contain plate- 
micelles, in which the hydrocarbon chains stand perpendicular to the surface of 
the plate micelle. 

*) It is not strictly true that the reversal of charge point must coincide precisely 
with the equivalent mixing ratio. Still it must be expected that reversal of charge 
occurs in the close vicinity of it. 

°) In this investigation we were aided by D. ANDRIESSE, to whom we express 
our sincere thanks. 

4) The mean of the results of two different ways of analysis is taken here, 
namely 82.4 + 0.6 %. 

5) These Proceedings 52, 783 (1949), see fig. 4. 
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area in fig. 6. With 8 drops the flocculation changed into coacervation. The mixtures 
with 46, 48 and 50 % laurylsulfate showed rapid formation of a coacervate lay 2 
Those with 44 and 52% remained turbid (see fig. 6, areas denoted t), because o 
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Fig. 6. P-coacervation in mixtures of Na-laurylsulfate and Myristyl-dimethyl- 
ammoniumchloride (see Text) 


the much slower coalescence of the suspended coacervate drops. With more drops 
of amylalcohol the tract of mixing ratios in which coacervation occurred widened 
gradually and with 17 drops this range extended from 40 to 52 % (compare fig. 6). 
We now investigated the behaviour of the coacervate drops in a direct current 
field and it appeared that they showed the usual behaviour characteristic of 
P-coacervates. At the mixing proportions 52 and 50 % laurylsulfate the drops 
behaved as in fig. 1 K, and are therefore electrophoretically negative. At the mixing 
proportions 42, 44, 46 and 48 % the streaming in the interior of the drops and 
the side where the plane face develops was just the other way around as in fig. 1 K. 
So they are electrophoretically positive. It was necessary in the case of 48 % 
to increase the field strength considerably (3-fold) for obtaining a clear result, 
which indicates that the reversal of charge point lies but little higher than 48 %. 


b. Cetavlon + Laurylsulfate +- isobutylalcohol +) 


In this combination we used the same preparation of laurylsulfate and Cetavlon 
(I.C.1.), a preparation of trimethyl-long chain alkyl ammonium bromides (purity 
of 80.2 % calculated as cetyltrimethylammonium bromide). We started from a 
1% stock solution of Cetavlon (22.0 meq/l) and a 0.8 % stock solution of Na- 
laurylsulfate (23.0 meq/l) for which follows an equivalent mixing proportion of 
49 % expressed in percentages by volume of the laurylsulfate solution. The stock 
solutions were, however, diluted 10-fold with water beforehand and next a number 
of 100 ml mixtures were made between 49.0 and 50.0 % laurylsulfate. In all 
mixtures a precipitate was formed which was allowed to settle overnight. Then 
we took with a pipette from the bottom part of the contents of the flasks samples 
of 3 ml and added to each 15 drops of iso-butylaleohol. Coacervate formation 
followed after these mixtures were slightly warmed for a few minutes at 40°. They 
were then investigated microscopically at a temperature of about 22°. In a direct 
eurrent field the coacervate drops showed the usual morphological peculiarities 
characteristic of P-coacervates (fig. 1 K) and from the direction of streaming of 
the coacervate and the side at which the drops obtain a plane face, it follows that 


*) The experiments have been performed by A. Recourt, to whom we express 
our sincere thanks. 
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the coacervate is electrophoretically positive at a mixing proportion of 49 6 
laurylsulfate and electrophoretically negative at 49.25: 49.5; 49.8 and 50.0 % 
laurylsulfate. This was cheked eby measuring the electrophoretic velocity in a 
modified Northropp-cuvette and it was found that for the reversal of charge point 
& mixing proportion of 49.1 was needed. 


ce. Cetyltrimethylammoniumbromide + Na laurylsulfate + menthol 

The same preparation of laurylsulfate and a preparation of cetyltrimethyl- 
ammonium bromide (HopKIN and WILLIAMS) which by analysis proved to have 
a purity of 77.2 + 0.6 % was used. We made a 1.68 % stock solution of lauryl- 
sulfate (48.4 m mol/l) and a 2 % stock of CTAB (42.4 m mol/l) for which follows 
an equivalent mixing proportion of 46.7 + 0.4 % expressed in percentages of 
volume of the laurylsulfate solution (LS). At 40° mixtures were made of the compo- 
sition a ml LS + (10-a) ml CTAB + 1 ml 2 % menthol in 95 % ethanol (with 
successive steps of 0.5 % mixing percentages). It appeared that at the mixing 
proportions 47.5, 49.5 and 50 % coacervate layers were formed, but that the 
mixtures with 48, 48.5 and 49 % showed a dense flocculation, After 3 hours the 
coacervate volumes (V) were measured (fig. 7, upper curve). The flocculation zone 
suggests that here we have to seek the reversal of charge point '). Obviously here 
it is more difficult to obtain coacervates than at either side. To obtain also coacer- 
vation in this range we must obviously increase the menthol concentration. To 
each tube 0.2 ml 10 % menthol solution in ethanol was added. Then the contents 
of every two following tubes were thoroughly mixed and 15 ml was pipetted in 
special measuring tubes (with narrow graduated upper part). Thus we obtain a 
mixing series with steps of 1 % difference, containing 0.36 % menthol and 10.7 % 
ethanol. Indeed coacervation was obtained in this way in a broader range of mixing 
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Fig. 7. P-coacervation in mixtures of Na-laurylsulfate and Cetyltrimethyl- 
: ammonium bromide (see Text) 


1) This is supported by electrophoretic measurements of the floccules in maix- 
tures of the 200 times diluted stock solutions without menthol, but containing 
10 % ethanol (so close to the above series where the pPhuing Woon conta tion is 
9.1 %), where we found by interpolation the reversal of charge point at the mixing 
proportion of 48.6 + 0.3 % (mean of two independent series of measurements). 


See arrow in fig. 7. 
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ratios. After one night the coacervate volumes were read off (fig. 7 lower curve). 
We now proceeded to the usual microscopical investigation in the direct current 
field. It appeared once more that the coacervates are P-coacervates and that the 
reversal of charge occurs between 47.75 % (still positive) and 48.75 % (already 
negative). See + and — along the lower curve in fig. 7. As was expected, the reversal 
of charge lies in the range of mixing ratios where at the lower menthol concentration 
we found flocculation. In contradistinction to the results sub a) and b) the reversal 
of charge point (48.25 + 0.5 %) seems here to be different from the calculated 
equivalent mixing proportion (46.7 + 0.4 %). We suspect that errors in the analysis 
of the CTAB used led to this discrepancy. 


The above three experiments show that the expectation at the beginning 
of this section comes true: 

a. In a range of mixing proportions around the equivalent mixing 
proportion of a cationic and an anionic detergent one and only one P- 
coacervate is obtained by the sole action of a higher alcohoP without it 
being necessary to add a salt. 

b. The point of the reversal of charge of the P-coacervate lies close 
to the equivalent mixing proportion. 

c. The expectation that the most favourable mixing ratio for P- 
coacervates lies at the equivalent mixing ratio (or rather at the reversal 
of the charge point close by) is supported by the experimental data of the 
figures 6 and 7, which both show that the coacervation range widens to 
both sides at increases of the pentanol or menthol concentration. 


- 


The occurrence of a gap in the upper coacervate volume curve of fig. 7 is a strong 
indication that the flocculation occurring at the reversal of charge point in the 
absence of menthol is microcrystalline. We know that already in the colloid 
chemistry of simple detergents crystallisation may interfere with the simple 
behaviour as shown in the upper row of survey IT. In connection with this it is not 
possible to realise the four systems to the left in this row with stearate except at a 
sufficiently high temperature. Higher alcohols, in general, lower the temperature 
at which crystallisation does not interfere. Thus it may happen that at a given 
temperature with salt, O-coacervates and the smectic phase cannot be realised, but 
P-coacervates are readily obtained because we just need a higher alcohol for the 
realisation of P-coacervates. Obviously in fig. 7 0.36 % menthol did remove 
crystallisation at all mixing ratios, but 0.18 % menthol was not high enough at 
the mixing ratios, where one can expect that this removal is least easy. 


5. Summary 


1. Recent progress in the colloid chemistry of phosphatides makes it 
necessary to attach to the terms O-coacervates and P-coacervates a 
broader meaning. These terms introduced in Part I of this series, distin- 
guish two diflerent kinds of coacervates obtainable from simple detergents 
but will in future be applied also for the analogous two kinds of coacer- 
vates obtainable from phosphatides. 

2. Consequently the term P-coacervate applies to coacervates of all 
long chain association colloids (anionic, cationic or amphoionic) in which 
the coacervate boundary has special properties (as shown by the great 
number of morphological peculiarities which may be observed). 
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With O-coacervates are meant coacervates of the same three classes of 
association colloids, in which there are no indications for special properties 
of the coacervate boundary. 

3. The known morphological peculiarities of P-coacervates are re- 
viewed. It is concluded, partly by means of new arguments, that the charac- 
teristic very thin membranes to which the above peculiarities are due, 
are bimolecular films and not very thin lamellae of coacervate. It follows 
that the coacervate boundary of P-coacervates is the seat of a mono- 
molecular film. 

4. Based on the close correspondences in the colloid chemistry of the 
three classes of long chain electrolytes (anionic, cationic and ampho- 
ionic) it has been argued that from an equivalent mixture of an anionic 
and cationic detergent it should be possible to obtain one, and only one 
P-coacervate by means of a higher alcohol. Further that in this case it 
will not be necessary to add a salt. (From a single cationic or a single 
anionic detergent alone a P-coacervate can only be obtained by the joint 
action of a salt and a higher alcohol). 

5. Three examples of P-coacervation have been realised which corre- 
spond to the expectations mentioned sub 4). 


Department of Medical Chemistry, 
University of Leyden. 


COLLOID CHEMISTRY 


CONTRIBUTIONS TO THE KNOWLEDGE OF 
P-COACERVATES. V ?*) 


ARTICULATE FUNNELS, A NEW MORPHOLOGICAL PECULIARITY 
OF P-COACERVATES 


BY 


G. BUNGENBERG DE JONG anp A. DE BAKKER 


(Communicated at the meeting of June 25, 1955) 


1. Introduction 

In the present communication a new morphological peculiarity of 
P-coacervates is described and an attempt to explain the phenomenon 
will be made. In the discussion we will frequently make use of the know- 
ledge of the meeting-behaviour of monomolecular and bimolecular films 
occurring in P-coacervates which was discussed in detail in the preceding 
communication of this series. Fig. | and Survey I both from the preceding 
communication, are reproduced here for convenience’ sake. 


OdQ coocoo 
Q0-0D +" Br@® 


@6ere 


Fig. 1. Morphological peculiarities of drops of P-coacervates 


2. Description and general remarks 


It has been explained in a recent investigation on the colloid chemistry 
of phosphatides ?) that the way initially followed by BuNGENBERG DE 


') Parts I, If and III of this series have been published under the general 
title “Soap coacervates with special properties, hitherto only known in coacervates 
of phosphatides”. They appeared in these Proceedings 52, 783, 794 (1949) and 
54, 81 (1951). To begin with part IV, these Proceedings, Series B 58, 331 (1955), 
the present title was chosen as to imply a broadening of the field and an extension 
of the meaning of the term P-coacervate. 

*) H. G. Buncenspera DE Jona, A. DE Bakker and D. ANpRIEssE, these 
Proceedings, Series B 58, 238, 251, 257 (1955). 


45 


D 
oO 


“WOTBOTUNUIUIOD YUeserd ey} UT poeqiiosep eq THEA Yor vuour 

-ousyd oy} ur pue (y 00s ‘7 ‘3Y) pley queda yooarp wv ut dorp 97eA1e0800 ay Fo Axepunoq 
OPIS 9UO 4B BfOISEA e3Ie[ eUO Jo UoryetUAoF TeNpexs oy} Ut efor ev sXvy{d ospe STULL, oyBAIeDROD OYA 04 
(H < 9 908 ‘1 ‘3y) eporsea T9BIV] UO OFUT OsNy “UOT}IOSUT OY} 4% JORZUOD uorzestt oy} ye | 
Suryeut ‘doap oyeaaoovoo ures oY? PUB EU OF poYyoR}4e sefoIseA quooelpe OMT, “OT i ; (sug teMoopoung) 


: —— = = ——— — souBiqureut 
ulyy AIOA OM} 


‘(q@ 908 ‘T *3g) Aem 
snhosojeue ue ut eqrun «eur sdorp 0yvAdooR00 0M} uByy 10 “( < Wf ees ‘[ *3y) seovpmMs 
yun euo oJuT sdoap 97eAID0R00 OMY oY} Soyrun [TBM uryy AIOA CYT, ‘ou oOWUT sdoap ealf 9 UQTA 
SBAIOOBOD JUBIEIP 0f poeyoryye sopoIsea oyeredes OM} JO JoRJUOD JOYV UOIsSnyA “Gq 


‘(I 908 ‘[ “8g) 
“dus eAoqe pouorueur sev eimyzeu oures ey4 Jo uy uryy ATOA ew Aq pozearedes | 
Surureuted syuoury.reduroa quoselpe oy, Jo syuezuo. oI, * QTONSvA oQR[NoYIR,, We 
0} esta oats Aeur doap oeyeasoovod SF JO OMOzJUT OY} UI SuTeoeut sojonova OAT oO 


—————— OFBAIIIVOD 


(H “9 908 ‘{ “Sy) qua, poyrursues Aq OU} SprBMo} PoZoor (suapy 
SIqIsIA Fou st pue wy uryy AoA ev Aq poepunoams St efoIsea yy, (9 “q ‘YW oes “TP SOpIs ey} YIM | ae]NoofowrououL) 
‘T “8y) Jo yno uweeq sey yuouLses Teorreyds eB Yorym utoay ‘ouoyds 8 Jo oourqsut pmby 
log ‘odevys retnoed e@ uo soyey doarp oyvadoovoa oy} ynsor v SY ‘9[IsoA peyorye umiqipmbe/oyea 
SAvMopIs B 04 OSTd SOATS ‘pmb umrarqrpimbe/oyeaaoovoo Agepunog oy} Jo oovzans | -199BOd SOLABpUNO OA.4 


IOUUT 94 (TIM 94089000 OFUr BULUTOD ‘do.p 9FVBVAIODBOD 8 ul peso[oue O[ONOBA V “7 


prabr, wmrqiymbe 
‘dorp e7eAacoovoo [wotoyds Jod.1V] OUO OZUT edsePVoD Surjoout sdoap oFWAdoovod OAL, ‘W OY} SprwvMo} poqooa 
“Ip SepIs oy} YQIA 


ee eee 


suryoout JO sypnset pue sopdurex 7 Surjeout jo TOUURTAL jo sSuryooyy 


AWAUYOS 


346 


Jona and WerstEeRKAMP !) to obtain P-coacervates of phosphatides, is 
unnecessarily complicated. These systems may readily be obtained by 
adding cautiously, increasing amounts of a suitable higher alcohol to a 
suspension of the smectic phase of the phosphatide. It appeared that the 
first “higher alcohol” by means of which P-coacervates of egg-phosphatides 
are obtained is n-butanol. P-coacervate drops obtained with this alcohol 
at a concentration at which the coacervation limit has just been exceeded, 
showed besides the usual behaviour in a direct current field (fig. 1, K) 
a phenomenon which has not yet been described. It was observed that 
a funnel-shaped vacuole grows from the plane (or slightly curved) face 
of the coacervate drop with its point into the interior of the coacervate 
drop (fig. 2). The boundary surface of this funnel-shaped vacuole is, 
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Fig. 2. Four successive stages in the periodical formation of an articulate funnel 


however, not smooth but has indentations in the same manner as arti- 
culate vacuoles. Hence we will design these peculiar structures with 
“articulate funnels’. It was most remarkable to observe that the growing 
articulate funnel reaches a certain maximal length, then suddenly is no 
longer visible and a new articulate funnel starts to develop from the 
plane face. 

This periodical formation of articulate funnels lasted as long as the 
direct current field was applied. When the field was switched off before 
the funnels had reached their critical length, they remained visible. 

Articulate funnels have already been observed once several years ago 
in this laboratory in a P-coacervate of K-stearate (not published). This 
means that this morphological peculiarity will, in principle be realisable 


Fig. 4 


Fig. 3. Formation of an articulate funnel (B) after switching off the direct 
current field, which yielded a stream of vacuoles entering the coacervate drop 
at the plane face (A) 


Fig. 4, String-like articulate vacuole inserted in the coacervate boundary 


1) H. G. BUNGENBERG DE JoNG and R. F. WesteRKAmp, Biochem Z. 248, 
335 (1932). 
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in P-coacervates of all anionic, cationic and amphoionic long chain elec- 
trolytes. That it is so seldom observed, points to certain critical circum- 
stances which must be fulfilled for their realisation. The same holds for 
a related phenomenon, which Mr. J. A. G. Davips in this laboratory 
observed only once in a P-coacervate of egg phosphatides. In a direct 
current field a string-like articulate vacuole inserted in the coacervate 
boundary had been formed. It consisted of at least 20 equally narrow 
compartments (fig. 4). 

An important observation was made in the above mentioned case of 
stearate, which opens a way to explain the formation of articulate funnels. 
It was observed that by variation of the field strength one may modify 
the phenomenon into a continuous stream of vacuoles entering the coacer- 
vate (fig. 3A). When the direct current field was switched off, these 
vacuoles united to an articulate funnel (fig. 3B). 

Presumably the cases in which one is able to observe only the direct 
growth of an articulate funnel or string in the electrical field, the succes- 
sive elementary processes (invagination of the boundary coacervate/ 
equilibrium liquid, pinching off of vacuoles and coalescence of the vacuoles 
into an articulate vacuole inserted in the coacervate boundary) must 
follow one another too rapidly to be observed singly. The invagination 
is presumably only the result of sufficiently strong streaming movements 
in the interior of the coacervate drop the direction of which is indeed 
in conformity with this explanation (see arrows in the coacervate drop 
efngs lan K), 


3. Periodicity of the phenomenon 

We have now to explain why a growing articulate funnel can only 
reach critical dimensions, then suddenly be no longer visible, followed 
by the development of a new one. 

The discussion will be made easier when we first have an idea of the 
distribution of the monomolecular and bimolecular films in our object. 
It will be clear that the septa of the articulate funnel which septa are 
invisible with transmitted light, are bimolecular films and that the arti- 
culate funnel is also attached to the coacervate boundary by such a 
bimolecular film. One may infer from the overall curved shape of the 
funnel that the bimolecular film separating the contents of the basis 
segment of the articulate funnel and the contents of the large vesicle, 
must protrude into the interior of the vesicle (as the three angles at the 
intersection point of the bimolecular film are about equal. See parts III 
and IV of this series). Furthermore, the successive septa of the funnel 
are less and less curved as they lie further from the basis of the funnel. 
Compare fig. 5, in which is given a schematical cross section of the 
coacervate drop through the intersected articulate funnel and in which 
we have drawn the two layers of the bimolecular films at a small distance 
from each other. 

24 Series B 
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From the figure it is seen that the insertion (a) of the protruding bimole- 
cular film of the basis compartment of the funnel and the insertion (b) 
of the large protruding bimolecular film of the attached vesicle are separated 
by a stretch of monomolecular film. In this situation there is no reason 
at all for instability, and this explains the fact that when the direct 
current field is switched off before the articulate funnel has reached its 
critical dimensions, the articulate funnel remains stable. 


Fig. 5. Distribution of mono- and bimolecular films (see text) 


With growing length of the funnel its basis is also enlarged, which 
means that the stretch a—b becomes smaller. At a certain moment the 
insertion places a and 6 of the two bimolecular films will meet somewhere. 
We know already (compare fig. 1, G —- H and case E of the survey) that 
two bimolecular films meeting at the insertion place of the coacervate 
boundary fuse. As a result, the bimolecular film between vesicle contents 
and contents of the basic compartment of the funnel breaks down. 
Presumably, as a consequence of the violent accompanying motions, the 
remaining bimolecular films of the articulate funnel are also destroyed. 
The contents of the successive compartments of the articulate funnel are 
poured out into the vesicle and the boundary surface between coacervate 
drop and vesicle contents is drawn flat again. As the original state has now 
been restored, a new articulate funnel starts growing. 

This explains the sudden disappearance of the growing articulate funnel 
when it has reached certain dimensions and the periodicity of the pheno- 
menon. 


4. First steps in the formation of an articulate funnel 
Rarity of the phenomenon 
When a new funnel starts growing, the events follow one another so 
quickly that it is not possible to observe how it grows directly under 
the microscope. Therefore, when we wish to understand the mechanism 
of its growth, we are entirely dependent on inferences from the modifi- 
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cations of the phenomenon (fig. 3 and 4 in section 2) and from the know- 
ledge of the meeting-properties of mono- and bimolecular films mentioned 
(fig. 1 and survey in section 1): . 

In section 2 it was already concluded that the basic elements which 
co-operate somehow in the formation of articulate funnels and articulate 
strings are 1) invagination of the coacervate boundary by the vortex- 
like movement in the interior of the coacervate, 2) pinching off of vacuoles 
and 3) meeting of these vacuoles under formation of bimolecular films. 

The very beginning of an articulate funnel or string must be a vacuole 
pinched off after invagination of the coacervate boundary coming into 
contact with the inner side of the coacervate boundary from which it 
originated. It is then attached there under formation of a bimolecular 
film (see Survey, case B). 

That this first step in the formation of a funnel really occurs must be 
due to the co-operation of several favourable circumstances. The coacer- 
vate must have a rather low viscosity, which enables the streaming in 
the interior of the coacervate drop to be sufficiently strong to lead to 
invagination. The invagination and the pinching off of vacuoles require 
further that the interfacial tension coacervate/equilibrium liquid is very 
low. The strength of the direct current field must neither be too low 
(intensity of the streaming too low for invagination, or at least for 
pinching off of vacuoles) nor too high (the pinched off vacuoles are not 
attached but stream singly away in the axis of the drop, compare fig. 3A). 
All this may explain that the formation of articulate funnels or strings 
is so seldom met with. 

When a vacuole has happened to become attached in the central part 
of the flat coacervate boundary, two possibilities arise for further invagi- 
nations: a) at the same place as the first invagination, 6) around the 
first attached vacuole. 

Possibility a) is presumably in play in the formation of a string-like 
articulate vacuole (fig. 4). Each new vacuole pinched off becomes attached 
to the preceding one, as a result of which a string of equally narrow 
compartments is formed. 

For the formation of articulate funnels we must start from possibility 6). 
In this case the process of pinching off takes place while the coacervate 
is streaming tangentially along the coacervate boundary. There are then 
three possibilities for the fate of a pinched off vacuole (compare figure 6): 

A) It may become attached to the plane coacervate boundary with the 
formation of a second attached small vesicle, 

B) It may happen to have been displaced sufficiently far so that A can no 
longer take place, but happens to become attached to the boundary of the 
vacuole already present which protrudes into the interior of the coacervate, 

C) it may also miss this chance of uniting. 

In case A (fig. 6A) the attached vesicle drifts, by means of the streaming 
coacervate towards the already present vesicle in the centre of the plane 
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coacervate boundary. When it makes contact with the latter it fuses 
sideways into a large attached vesicle in the centre (compare way E of 
the survey). 

In case B (fig. 6 B) the second vacuole attached to the first by means of 
a bimolecular film drifts by means of the coacervate streaming along to 
the farthest position possible, that is when the first and second vacuole 
stand into line, the bimolecular film now standing parallel to the flat 


coacervate boundary. 
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Fig. 6. Explanatory schemes regarding the first steps in the formation of an 
articulate funnel 


In case C (fig. 6 C) the second vacuole gets a new chance of uniting only 
after it has described a cycle and meanwhile has not yet become attached 
to the curved boundary of the coacervate drop (in which case it is trans- 
ported by the moving boundary until it meets the insertion place of the 
large vesicle and pours its contents into the latter (compare way E of 
the survey). In principle, this case brings no new points of view and will 
not be considered further in the following. 


5. Early stages of a developing articulate funnel 

If all further pinched off vacuoles behave according to case A only 
a large attached vesicle will be formed but no articulate funnel (compare 
fig, 6,7 * A), 

We may consider the result according to case B in fig. 6 as an articulate 
funnel in embryonic state. For a growth in length of the structure, it 
is necessary that detached vacuoles are transported by the coacervate 
streaming and become attached to the last member of the already existing 
row of cohering vacuoles (compare fig. 6, n x B). But this way, used 
exclusively, will not form a characteristic articulate funnel. Even a com- 
bination of the two ways will not suffice. For instance, when of every 
two detached vacuoles, the first follows the way A and the second is 
transported to the end of the chain, we would obtain a structure with 
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a broad basis-compartment to which is attached a row of narrow 
compartments (compare fig. 6, n (A+ B)). 

It will be clear that there must exist a mechanism which allows the 
second, third and following compartments to grow in width. Of course 
the assumption made that transported vacuoles only attach themselves to 
the end of the chain is unlikely. Let us, therefore, consider the conse- 
quences of the attachment of a transported vacuole to the wall of a 
compartment somewhere midway in the chain of fig. 6,n x C, for instance 
to the wall of compartment 4 (compare fig. 7 upper row). The new vacuole 
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Fig. 7. Explanatory schemes regarding the early stages of a developing articu- 
late funnel 


is attached under formation of a bimolecular film (see survey in section 1, 
case C). As a result of the coacervate streaming along the chain, however, 
it is pushed to the right and its boundary with the coacervate will meet 
the similar boundary of compartment no. 5, once more under formation 
of a bimolecular film. Then we have a critical situation — three vacuoles 
united by three bimolecular films. This situation will be destroyed by 
the pushing power of the coacervate streaming along. What happens 
will depend on which two of the three insertions of the three bimolecular 
films meet first. Here there are three possibilities (compare fig. 7, 
second row) 1). 
a. the vacuole fuses with the compartment (no. 4) to which it was 
originally attached, 
6. the vacuole fuses with the following compartment (no. 5) of the chain, 
the compartments 4 and 5 fuse and the vacuole remains attached to 


this larger compartment. 


In the cases a and 6 the number of compartments remains the same, 
but one of them increases in volume and also in width. In case c the number 
of compartments has been reduced by one and the result is that the chain 
now contains a broader compartment too. But the events have not yet 
come to an end, as the attached vacuole still exists. It is pushed by the 
streaming coacervate to the right until it meets the compartment origi- 
nally numbered 6, and once more the above three possibilities a, 6 and ¢ 


*) The chance that the three insertions meet simultaneously is very small and 
will not be considered further. It would lead to a fusion of the attached vacuole, 
the compartment 4 and the compartment 5 into one larger compartment. 


arise. When we arbitrarily assign to each possibility an equal chance it 
will occur only 1 in 9 that the vacuole originally attached to compart- 
ment no. 4 escapes fusion, is pushed further to the right and will add a 
new compartment to the chain. However, each time it escapes fusion, the 
number of compartments of the already existing chain is reduced by one. 

The above reasonings will, of course, also apply when the vacuole 
attaches itself to any other compartment (except the last one) of the 
chain. As it is more likely that a vacuole transported by the streaming 
coacervate will become attached somewhere at the beginning of the chain 
than at the end, there will result a structure consisting of compartments 
which have a larger volume and also a greater width as they lie nearer 
to the basis. Thus we have already obtained an articulate funnel. But 
in the earlier stages of its formation we have a continual change in the 
number of compartments: increase by attachment of transported vacuoles 
to the end compartment and decrease by fusion of adjacent compart- 
ments as a result of the above mentioned case c. The developing 
articulate funnel will, in these earlier stages, only contain a small number 
of compartments, which continually grow in size. 


6. Advanced stages in the formation of an articulate funnel 

In a more advanced stage of the growing funnel the events are less 
confused. When, after a certain time, the compartments which constitute 
the chain have grown sufficiently in size, the radius of curvature of the 
walls will be much greater than that of the transported vacuoles. When 
the latter become attached (fig. 8) they will assume a lens-shape (as the 
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Fig. 8. Explanatory scheme for the advanced stages in the formation of an 
articulate funnel 


three angles at the meeting point of the three films are about equal — 
see parts III and IV). When such an attached vacuole is pushed to the 
right by the streaming coacervate until it meets the insertion of the 
bimolecular film between the compartment considered and the following 
one, there remains only one way of meeting of the bimolecular films 
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(and not three as in the early stages). As a result the attached vacuole 
can only fuse with the compartment to the right of that to which it wag 
originally attached. This corresponds to the possibility b in the earlier 
stages of the development of an articulate funnel, whereas the possi- 
bilities a and ¢ no longer occur. | 
The absence of possibility c means that everything which is a conse- 
quence of it, especially the reductions in the number of compartments 
in the chain no longer occurs and instead of the confused events character- 
istic of the earlier stages we have now a fairly simple scheme of the further 
growth of the funnel. From now on we can assign to each compartment 
a definite number which remains the same. The manner in which they 
increase in size is shown by arrows in fig. 8. This figure shows: 


1. Compartment 1 is fed by the vacuoles which have happened to make 
contact with the plane coacervate boundary. 

2. The following compartments are fed by vacuoles transported by the 
streaming coacervate and which have happened to become attached 
to the wall of the preceding compartment. 

3. The chain of vacuoles is lengthened by a vacuole which attaches 
itself to the wall of the last compartment 1). 


The same reasonings as in section 5 for the chance that a compartment 
increases in volume and also in width can be applied at the advanced 
stages of the formation of the funnel. We may for instance consider a 
funnel which has 7 compartments and we will arbitrarily take the chance 
1 in 2 that a vacuole just after pinching off from the plane coacervate 
boundary will become attached to this boundary. Then out of 256 detached 
vacuoles 128 will fuse with compartment no. 1 and 128 are transported 
by the streaming coacervate. When they pass the wall of compartment 
no. | and we take the chance of attachment once more as 1 in 2, then 64 
vacuoles will become attached here and will feed compartment no. 2. 
Similarly 32 vacuoles will feed compartment no. 3, 16 will feed no. 4. 
8 will feed no. 5, 4 will feed no. 6, 2 will feed no. 7, 1 will become attached 
to the end compartment and thus lengthen the chain by one compart- 
ment, and 1 will escape attachment. This may suffice to explain that 
at the advanced stages of the growing structure, it must take the character- 
istic shape of an articulate funnel 2). Its further fate has already been 


dealt with in section 3. 


1) Strictly speaking it is not true that at the advanced stages of the growing 
funnel the events a and ¢ no longer occur. They will still be at work at the extreme 
end of the funnel, as the radius of curvature of the walls of the last few compart- 
ments is not yet great enough to suppress them. 

?) Above we took the chance for a transported vacuole to be attached when 
it passes the wall of each compartment as constant (here arbitrarily 1 in 2). It is 
more likely that the chance is not constant but decreases along the funnel in the 
direction of the top (because the linear dimensions of the compartments decrease 
in this direction). This will only accentuate the typical curved funnel shape of the 


growing structure. 
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7. Summary 

1. A new morphological peculiarity has been observed in drops of 
P-coacervate (of K-stearate and egg-lecithin) which were exposed to a 
direct current field. The peculiarity seldom occurs and consists of the 
formation of a funnel-shaped articulate vacuole which is inserted with 
its broad basis into the developing plane face of the coacervate drop. 

2. As long as the direct current field is applied, the phenomenon has 
a periodical character. The articulate funnel grows with its end pointing 
to the interior of the coacervate drop, and at the same time becomes 
broader. Then suddenly it is destroyed and a new funnel starts developing. 
When the field is switched off, before the articulate funnel has reached 
its critical dimensions, it remains stable. 

3. In the case of K-stearate a modification of the phenomenon has 
been observed. By varying the field strength it could be altered into a 
continuous stream of vacuoles entering the coacervate drop at the plane 
side. By switching off the field, the vacuoles present united into a typical 
articulate funnel. 

4. In the case of egg lecithin another modification of the phenomenon 
has been observed, namely the formation of a stringlike articulate vacuole 
inserted in the coacervate boundary consisting of at least 20 equally 
narrow compartments. 

5. It is assumed that in the cases in which in a direct current field an 
articulate funnel or string develops directly, the basic events consist of 1) 
invagination of the flat boundary, 2) pinching off of vacuoles, 3) meeting 
of the latter with one another and with the plane coacervate boundary, 
all following one another too rapidly to be observed singly. 

6. It has been attempted to reason out step by step the events which 
ultimately lead to the characteristic articulate funnel. In this, our know- 
ledge of the meeting-properties of monomolecular and bimolecular films 
in P-coacervate drops is of great help (part LV of this series). 

7. It appeared that at the early stages of its formation the events 
must be rather confused, at the advanced stages they are much more 
simple. 

8. The explanation of the periodicity of the formation of articulate 
funnels presents no difficulties. 


Department of Medical Chemistry, 
University of Leyden. 
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(Communicated by Prof. W. G. Burcers at the meeting of June 25, 1955) 


Summary 

A plate-shaped single crystal is rotated in a flat divergent mono- 
chromatic X-ray beam about an axis lying in its surface, perpendicular 
to the plane of the beam. The ray reflected from a certain lattice plane 
during part of the rotation sweeps over a cylindrical film, tracing out 
a short dash. The position of the dash determines the general indices 
(hkl; of the reflecting plane and its length the orientation of the plane 
with regard to the surface of the plate. From the relative positions the 
absolute indices (hkl) of each plane can be deduced. Knowing these, the 
location of the crystallographic axes with respect to both the flat surface 
of the single crystal and the rotation axis can be determined. The orien- 
tation of any crystal with a flat surface of at least 15 mm length may be 
found in this way, provided that its Debye-Scherrer pattern can be 
indexed. 

A normal rotation camera with a pinhole diaphragm may be used and 


a line X-ray source. 


1. Introduction 

The method of ScureBoip and Sacus (1926) for the determination of the 
orientation of a single crystal with the aid of a transmission Laue-photograph 
requires for the cubic lattice only one set of standard stereographic pole 
figures. A non-cubic substance requires its own set; the less symmetrical 
the substance, the more standard projections must be calculated. 

Other methods for the determination of the orientation of non-cubic 
crystals are either designed for a special substance, or are based on a 
trial-and-error procedure. 

The stereometry of reflexion of a rotating single crystal, having at least 
one flat surface of 15 mm length, permits to determine the orientation 
of any lattice, as long as the Debye-Scherrer lines of the substance can 
be indexed. Symmetry of the lattice prolongs the calculation, as the 
number of planes (Akl) belonging to the same Debye-Scherrer line {hil} 


increases. 


2. Focusing 
, : : : < 
We visualize a certain lattice plane as a series of small ‘‘mirrors’’, 
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making a constant angle with the flat surface of the crystal. If the crystal 
is rotated in a divergent monochromatic X-ray beam about an axis lying 
in this surface and perpendicular to the plane of the beam, each “mirror” 
flashes out an X-ray reflexion at a certain moment of the rotation. If the 
lattice plane under consideration is parallel to the surface, all reflexions 
from the “mirrors” intersect in a certain point of a circle in the plane 
of the divergent beam, with the rotation axis as centre, and passing 
through the point of divergence: this is the focusing principle of BRAGG 
and Braae (1914). 


Roser (1954) has studied the case for a plane parallel to the rotation 
axis, but « degrees inclined to the surface. During the rotation, each 
individual ‘‘mirror’” selects from the divergent beam the ray incident 
at the Bragg-angle 9. As the angle between the incident ray and the 
crystal surface is 0—« (ef. figure 1) or 6+a 1) and therefore constant for 
each reflecting plane, the ‘‘mirrors’’ reflect at the moment they pass a 
circle through the point of divergence F and the rotation axis D, with a 


Fig. 1. Focusing by a plane perpendicular to the rotation axis D 


) This case is not represented in figure 1, as the necessity to distinguish between 
these two cases disappears when all angles are defined positive if measured in one 
direction (e.g. anticlockwise) from the undiffracted ray and the crystal surface 


respectively. With this definition the angle between incident ray and crystal surface 
is always 0 — x. 


SyoI7/ 


radius H=4FD cosec (9--x). As the angle between undiffracted and 
reflected ray is 26, also a constant, all successively reflected rays pass 
through one point B on the same circle. B is most conveniently defined 
as the point at distance 


(1) B= ep) 


sin (—a«) 
with exterior angle FDB=20. 

It should be noted that every lattice plane gives rise to two different 
focal spots, viz. one to the left of FD (looking in the direction of the 
incident ray) with 6, according to our definition, positive (see footnote) 
and one to the right, with the same 0 negative. 

As Rose points out, all focal spots with |@|<|«| are virtual. This is 
at the same time the condition for transmission cases. Because, generally, 
transmitted beams are too weak, images formed by transmission are left 
out of consideration. 


The general problem, i.e. with ‘‘mirrors’ which are neither parallel to 
the flat surface nor to the rotation axis, can be solved by considering 
the projection of all rays on the plane of the divergent beam (cf. figure 2). 
This leads to a case which is analogous, but not identical, to that worked 
out by Rosz. 


Fig. 2. Reflexion by a plane with its normal (n) tilted at an angle y from the 
plane of the beam 


The position of the reflecting plane is now fixed by the angle « between 
the lines of intersection of the reflecting plane and the crystal surface 
with the plane of the divergent beam (cf. figure 3). Figure 2 shows 
the reflexion from a plane of which the normal 7 has an elevation of y 
degrees. The projection of the glancing angle (0) is 4, given by: 
sin 6 
smny 


(2) sin 7 = 


The projection of the angle 20 between diffracted and undiffracted ray 
is 2: 


cos 26 
(3) cos 24 = 


cos 0 


in which 6 is given by: 


(4) sin 0 = 2|sin 6|.sin y 
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We define the sign of y positive if the normal points upwards from 
the single crystal; as the sign of y bears no relationship to the signs of 
7 and , which are always the same as that of 6, we use in (4) the absolute 
value of §. Since only cos 6 is involved in the calculations, this is a 


formality. 


Fig. 3. Projection on the plane of the divergent beam of the reflexion by a plane 
inclined with respect to the rotation axis 


As shown in figure 3, the angles 7,—.« and 2u are again constant for a 
certain (/kl)-reflexion; consequently, all projected diffracted rays do pass 
as before through one point B,, lying on a circle through F and D, with 
radius R=4FD cosec (y—.«), at an angular distance 2(180°—2u) from 
F. It follows that 7 FB,D=n—« and / DFB,=2u—yn+«. The most 


convenient way to describe the position of B, seems to be (ef. formula 1): 


(5) DB,=FD sin (2u—7 +.) 


sin (7—«) 


with exterior angle FDB, = 2u. 


Fig. 4. Schematical representation of the 
beams reflected in successive positions by a 
rotating single crystal with a flat surface 


The beams, as they are reflected in successive positions of the rotating 
crystal, are schematically sketched in figure 4. They pass through a focal 
line ab perpendicular to the plane of the divergent beam ‘“‘above”’ or 
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“below” B,, according to the sign of y. As mentioned in section 2, each 
(hkl)-plane at the flat surface of the single crystal gives rise to two differ- 
ent foci, one to the left and one to the right of the line FD. Moreover, 
if the crystal is a plate, reflexion from the back gives also rise to two 
foci, but with opposite sign of y and consequently symmetrically placed 
across the plane of the incident divergent beam with regard to those 
originating from the other side of the plate. If a plate-shaped single 
crystal is mounted in such a way that the rotation axis lies exactly in 
one of the flat surfaces, this surface is called the front, and the calculations 
must be based on the reflexions emerging from this side. 


3. Registration of the reflected beams 

A film is placed cylindrically around the rotation axis. F is conveniently 
chosen in the plane of the film. In this case FD is equal to the radius r 
of the film. 

The beams reflected from a rotating place trace out for each (AKL) 
four more or less curved dashes on the film. As the centre of the crystal 
plate gives rise to reflexions situated on the normal Debye-Scherrer cones, 
a certain point of each dash should lie on the corresponding Debey- 
Scherrer line. It would be convenient to have this point marked. Further- 
more, it is impossible to know the sign of y if a thin plate is used, since 
the reflexions from the front are undistinguishable from those originating 
from the back. If, however, a thin wire of absorbing material is pressed 
against the front of the crystal, coinciding with the rotation axis, both 
difficulties are overcome. The dashes emerging form the front will now 
be broken; figure 5 shows schematically a pattern originating from one 
lattice plane, with a positive y, since the gap is found in the upper part 
of the film. The gap, moreover, fixes exactly the point of intersection 
with the corresponding Debye-Scherrer line. Sometimes some doubt will 
remain between two Debye-Scherrer lines lying close together. This 
ambiguity can be easily overcome in the final identification as will be 
shown later. Moreover, the mark allows a more accurate measurement 
of the height of the dash for the calculation of vy 


ee “Rr 
2h q O J 


Fig. 5. Example of a reflexion pattern from a definite crystallographic plane 
produced by a rotating single crystal plate 


4. Calculation of y and x 

The vertical distance 2h (cf. figure 5) between gap and corresponding 
point on the dash originating from the same reflecting planes from the 
back of the crystal plate, divided by the diameter 2r of the camera, 
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gives tg 6. Knowing 0, y can be calculated by means of equation (4). 
If a specimen is used with only one flat surface, or if a thick plate is used 
(so that no “‘back-reflexions” are present), the length of h should be 
measured to the central line of the photograph. 

The length of a dash is a function of y, a and 9. It is intended to derive 
the quantity « from that length, using the calculated y. Since the deri- 
vation is based on projection of the reflected rays on the plane of the 
divergent beam, it is necessary to measure the projected length a (for 
instance 2,) of the dashes, as shown in figure 5. 

The projected length x of a dash is given by: 


(6) x = 2(DB,—r) tg 3« 


where x is the angle of divergence of the projected beam. 
Introduction of formulae (5), (2) and (3) in formula (6) yields a con- 
venient form for the calculation of « 


Sonata 
(7) tga =|1 sen ]ten 


1+<2')coséd 


where x’ = 7 . tg dm. 

There is, however, one difficulty. As can be seen from figures 6a and 6b 
the focal spot B, can lie inside or outside the film cylinder which means 
that xz, as given by (6), and consequently x’, can be negative or positive. 


Film Film 


Fig. 6. Projection of the intersection of the reflected beam with the film on the 
plane of the divergent beam 


It is impossible to distinguish between these two cases by means of the 
photograph. One definite dash thus permits the calculation of two values 
for « (cf. formula 7 with 2 taken either positive or negative) from which the 
correct one cannot be chosen. But since the dashes to the left and to the 
right (ef. figure 5 w, and x,) emerge from the same lattice plane, they must 
both give the same value for «. If therefore for each dash both possi- 
bilities of sign for x are substituted in formula (7), two of the four values 
for « obtained in this way will be identical, whereas the other two values 
have no significance and must be rejected. 


In order to calculate «, cos 6 and sin 6 are derived from tg 6 pee ) 
r > 


then y is found with formula (4) and, after that, 7 can be calculated by 
means of formula (2). 
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For x, however, experimental conditions present two alternatives. For 
a very wide angle of divergence w of the incident beam, x is smaller 
than w and depends on the dimensions of the crystal. In this case the 
limiting rays of the reflected beam emerge from the edges of the crystal 
(see figure 7). From triangle FDE it follows: 


(8) sin} x= = sin (7—«) 


Fig. 7. Derivation of x 
If, however, 
: Soy ce 
(8a) sin $ @ <5_|sin (y7—«)|, 


the reflected beam is limited by » and not by L, so that x is equal to w. 
This condition can easily be fulfilled for most of the reflexions by suitable 
choice of w and L/2r. This is desirable because of the fact that in this 
way the (usually deformed) edges of the crystal do not affect the accuracy 
of the result. 

In the calculation of « one can start with the assumption that x—a 
for every reflexion. If, for a certain reflexion, x is actually smaller than «, 
the so-obtained value of “x” will not satisfy equation (Sa). Such cases 
are rejected *), | 

In this way, values for « and y are determined for three lattice planes, 
this number being the smallest necessary to fix the location of the crystal 
axes. The poles of these planes are plotted in a pole figure by means of 


1) An alternative procedure would be to derive a formula for « for such cases 
by introducing the correct value for x, viz. 2 are sin [(L/2r) sin (y — «)], in (6). 
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a stereographic net. The rotation axis is taken vertical, the centre represents 
the normal to the crystal front. «, if positive, gives the meridian to the 
right, y, if positive, is the difference in latitude upwards. 


5. Absolute identification 


The above calculation yields only the general indices {hA1; of the located 
planes as given by the Debye-Scherrer indexing. The signs and the relative 
sequence of the indices of the equivalent axes, and the signs of the indices 
of the ‘unequal’ axes, as e.g. those of the tetragonal axis in the tetragonal 
system, must still be determined. This can be done by measuring in the 
stereographic projection the angles between the located poles and com- 
paring these with the calculated possibilities. In the tetragonal system, 
for instance, the angle between (h,/4/,) and (Agkyly) is given by 


hy hy thy kp +(a/c®) Ly ly 


(9) 7) cos p= 


Vr +k? + (a/c)? & | A+ ket (a/c)? 5 


As the denominator in (9) does not depend on the signs and sequence 
of the indices, the value of the numerator can be calculated unambigu- 
ously. One of the located planes may be indexed by an arbitrarily chosen 
triplet (hkl) belonging to the general form {hkl}. The free choice does not 
affect the location of the crystallographic axes, only their denomination. 
Afterwards, the axes may be renamed in agreement with convention. 
Most of the possibilities for the other planes can be eliminated by con- 
sidering the value of the numerator in (9). Finally, the mutual angles 
fix the absolute identification. 

It appears to be convenient to locate four lattice planes instead of the 
necessary three, in order to reduce the small chance that different sets 
of indices satisfy the constellation. Moreover, this constitutes a precaution 
against the possibility that for one of the selected planes formula (Sa) is 
not satisfied, so that the plane in question has to be discarded. 


6. Location of the crystallographic axes 


Taking the tetragonal system as an example, the angles between the 
located planes and the crystallographic axes are also given by equation (9). 
Circles, giving the locus of points at the calculated angles from the pole 
of each plane, can be constructed in the stereographie projection. The 
points of intersection of the appropriate circles are the poles of the erystal- 
lographic axes. In principle, three circles suffice to determine an axis, 
viz. two to fix the point of intersection and a third to designate which 
of the two points of intersection represents the axis. Use of more planes, 
however, renders the determination more accurate. 


') See for the corresponding formulae for other systems for instance NiGeLt 
(1928). 
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7. Hxperimental procedure 


The experimental arrangement is schematically drawn in figure 8. 

A simple cylindrical rotation camera with a radius of 3 cm, and a 
pinhole diaphragm on its circumference, was used. The rotation axis 
must be perpendicular to the plane of the diverging beam emerging from 
a line focus. A cube of lead with a bore in it. fixed to the pinhole F at 
the inside of the camera, decreases essentially the scattering by pinhole 
and air; we used a cube of 3 mm length with a bore of 1 mm diameter, 
The pinhole was conically cut to a smallest diameter of 0.24 mm. The 
exposure time was about double that required for a powder specimen 
using the same tube. 


Absorbing wire 


Fig. 8. Experimental arrangement. The camera has a very wide exit slit to 
facilitate the adjustment 


The adjustment of the camera can be performed by means of a piece 
of film at the exit side, exposed for some seconds. The shadow of a lead 
wire, mounted centrically in the camera, must be found in the middle 
of the image on that film; the length of the image serves at the same 
time to measure w: in our case w was 15°. The specimen was mounted 
in such a way that one flat surface lies in the rotation axis. For the reason 
given in section 3, an absorbing wire was attached to its front. 

The lengths of the dashes on the film are measured either directly or 
by means of a measuring microscope. The diameter of the pinhole must 
be subtracted from x to correct for the width of the beam, and «3/12r2 
must be added as an approximate correction for the curvature of the 
film, as can be deduced by series expansion of the tangent in question. 


8. Accuracy 
The accuracy of y, given approximately by 2r.A4y ~ cosec 6.Ah (ef. 
formula 4), was in our case usually better than +1° when Ah is assumed 
to be 0.2 mm. 
The accuracy of « depends in a more complicated way on h, x and 90. 
In case y=0, it follows from (7) that 
sin 26 ; 
An = Tita) cos®O te) 4% 
25 Series B 
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Dashes at the smaller 6’s should therefore be chosen; when, after the 
calculation, the sign of a’ is known, dashes with positive values Oli 
will give the most accurate results. At = 30° e.g. an accuracy of + 3° 
is reached without much precaution. 

The accuracy of the determination of the location of the axes will 
be discussed in the example given below. 


9. Hxample 

By this method the orientations of aluminium and tin single crystal 
plates and also of a quartz plate were determined. As an example, figure 9 
shows a photograph of a rotating tin crystal of 40 x 14 = 1 mm, taken 
with filtered Co-K.w radiation in the described camera. The measurements 
and results are summarized in table 1 (ef. figures 5 and 9). 


TABLE 1 
ee - 


Reflexion | 1 2 3 | 4 
| mm mm mm mm 
Sais sess ea 3.89 0.35 3.67 10.80 
i 5 0.55 0.55 8.68 4.67 
IY ence auc ame ie va i's 5.0 2.0 25.1 


BGM Oley ra: le + + 


indices . {220} 112} {312} {312} 
| or {211} or {400} 

ee ee eee 20° 4+4 1° 30’ it" 

a oR SST any 0° =277 4.36" 

(Wie gore ost a1 (121) (112) (312) (132) 


X;, X, and 2h are direct measuring results; the sign of y follows from 
the place of the gap in the dashes. The general indices are known from 
the Debye-Scherrer indexing, based on the body-centred lattice of tin 
with a=5.83A and c=3.18 A. y and « are calculated from formulae (4) 
and (7) respectively. Equation (Sa) appears to be satisfied for all four 
reflexions. 

The angles y and « are plotted in a stereographic net and give the 
poles 1 to 4 in figure 10. For the absolute identification, pole 3 was taken 
to be (312). From the angles measured with respect to 3, the following 
possibilities could be deduced: for pole 1: (211) and (121), for pole 2: 
(112), and for pole 4: (132) and (132). The mutual angles 2-1 and 2-4 
indicated for poles 1 and 4 (121) and (132) respectively, and the measured 
angle between pole | and 4 was in agreement with the value of formula 
(9) for (121) with (132). The (100)-possibility for 2 could be eliminated 
directly since no (200)-dashes appeared. 

Figure 10 shows the circles, constructed in the stereographie projection 
with the poles 1 to 4 as centres, which fix the poles of the three crystallo- 
graphic axes. It will be noted that the “horizontal” parts of a circle 
are the most accurate, because of the fact that y is more accurately 
fixed than a; furthermore, it is obvious that perpendicular intersection 


PLATE 1 


W. H. M. NIEFUWENHUIS: A method for determining the orientation of plate- 
shaped non-cubic single crystals 


Schematic sketch 


Photograph of a rotating tin single crystal plate CoKw-radiation. Exposure time: 2 hrs 
Fig. 9b. 


9a. 


Fig. 


PLATE 2 


Fig. lla. Back-reflexion photograph of a plate-shaped tin single crystal, with 
the caleulated [001 ]-direction placed parallel to the incident beam. Unfiltered 


W-rachation, distance crystal-film 21 mm, exposure time: 14 hrs 


Fig. lib. Transmission photograph of the same tin crystal, etched down to 0.2 mm 


thickness. Unfiltered W-radiation, distance 40 mm, exposure time: 2 hrs 
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of the circles would be best. Therefore, the axis in the lower part of the 
projection was considered to be the most accurate one. It is marked by 
a full circle @ in figure 10. The position of [001], indicated by ©, was 


Fig.10. Location of the crystallographic axes. @ and ©: poles deduced from the 
calculation; []: poles located by means of the Laue-transmission photograph 
figure 11b 


located at 90° from this axis, on the most horizontal circle part. The 
third axis, again indicated by O, lying rather unfavourably with respect 
to accuracy, is fixed at 90° from both other axes. Routine might probably 
shorten the procedure by permitting the choice before the construction. 

Figures lla and 11b show, respectively, a Laue-back-reflexion and a 
Laue-transmission photograph of this special tin plate, with the experi- 
mentally located [001 ]-direction placed parallel to the incident beam. 
The back reflexion photograph was first obtained; for the transmission 
photograph, the adjustment was slightly corrected. The position of the 
axes, as deduced from this transmission photograph with the accuracy 
given by the specimen holder, is also indicated in figure 10 with 
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PHYSICS 


SOME PROPERTIES OF LIQUID HELIUM BELOW 1°K. Ila 
BY 


H. C. KRAMERS 


(Communicated by Prof. C. J. Gorrer at the meeting of September 24, 1955) 


CHAPTER II: THE EXPERIMENTAL ARRANGEMENT 


In this chapter the arrangement for the experiments which are the 
subject of this exposition will be described. A large part of the cryogenic 
arrangement to which sections 2.1 to 2.5 will be devoted is common to 
both the experiments. Section 2.1 contains the general set-up of the 
cryostat and some details of the construction; in sections 2.2 and 2.3 the 
magnetic cooling and the thermal insulation are considered; section 2.4 
gives a short survey of the well-known method for measuring the tempera- 
ture magnetically, while section 2.5 contains some details of the per- 
formance of an experiment. 

In sections 2.6 and 2.7 the special apparatus respectively for the 
specific heat and the heat pulse experiments is described. Finally section 
2.8 reviews the electronics needed in the heat pulse experiments. 


1.1 General set-up and construction. The central part of the apparatus 
consisted of a glass vessel part of it being occupied by the paramagnetic 
salt for the cooling process by demagnetization and part serving as a 
helium reservoir (see fig. 2.1). It was connected to a pumping tube (P,) 
by means of a narrow glass capillary which served as a mechanical support. 
The capillary and the inner vessel were surrounded by a vacuum jacket 
which could be evacuated by means of a second pumping tube (P,). 
The vacuum jacket was immersed in the helium bath. The helium dewar 
and the hydrogen dewar which surrounded it were of the normal ‘‘tail’’ 
type used for experiments with a magnet, i.e. its lower part had a small 
diameter to allow not too large a distance between the poles of the magnet. 
The temperature of the helium bath could be regulated in the usual way 
by adjusting the pressure. This pressure was read on a mercury mano- 
meter for values above 3 mm Hg and on a carefully calibrated Mac Leod 
gauge for lower values. 

The pumping tubes which connected the inner vessel and the ‘‘vacuum’’- 
jacket were fixed to the head of the cryostat. They could be connected 
separately to the main high-vacuum tube leading to the diffusion pump 
(see fig. 2.2). Because for filling at the liquifier the cryostat had to be 
transported, the flat ground joint d was inserted. The high-vacuum part 
up to the pump was entirely made of glass. An advantage of this con- 
struction was the considerable reduction of the possibility of leaks. A three 
stage mercury diffusion pump of iron construction, with a Leyboldt 
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rotation pump as backing pump, was used as the high vacuum pump. 
The small auxiliary tube b with a valve served as a connection to the 
high pressure vessel from which helium could be condensed into the inner 


ew — D 


Fig. 2.2 
Fig. 2.1. The eryostat (internal). 
P;, P, = pumping tubes; G = helium dewar; B = helium bath; V = platinum- 
glass seals; X = capillary; C, = primary coil; E = vacuum jacket; p = para- 
magnetic salt; C, = secondary coils; S = one of the three glass supports; He = 
helium reservoir; f = safety fuse; m = inner helium level; W = superconducting 
wires for the electrical connections. 


Fig. 2.2. The cryostat (external). 
D=main high vacuum tube; e — manometer connection; d = ground joint; 
b = filling tube; c¢ = auxiliary tube; P,, P, = pumping tubes; r — radiation traps; 
G = helium dewar; Gy = hydrogen dewar; M = pole pieces of the magnet (the 
upper part of the dewars is much longer than indicated), 
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vessel after the helium dewar had been filled at the liquifier. The second 
pumping tube was also provided with an auxiliary connection which 
could be used for filling the vacuum space with a small amount of helium 
gas for heat exchange with the bath. 

The shape of the inner vessel depended on the special conditions of 
the experiment in question, while the part of it which served as a container 
for the salt was always ellipsoidal in shape. 

The inner vessel was further provided with three very thin glass tubes 
(fig. 2.1 : S) drawn out in points which were bent in such a way that the 
apparatus fitted tightly into the outer wall of the vacuum space. Finally 
a safety device consisting of a thin-walled glass tube was connected to 
the inner vessel. Its purpose was to prevent a large scale explosion in 
case the capillary was blocked after filling the inner vessel. 

Electrical leads to the inner vessel had to pass two walls. This problem 
was solved in the usual way by means of platinum wire melted in lead 
glass. To reduce heat inflow the wiring in the vacuum space was made 
of superconducting metal. In the earlier experiments spiralled lead wire 
was used; later on, because of its suitable mechanical properties, tantalum 
proved to be more convenient. Since tantalum allows of much thinner 
wires, spiralisation was not necessary. 


2.2 Cooling. The temperature region below 1° K is only attainable by 
means of the magnetocaloric effect of paramagnetic substances. Only 
above 0.75° K it is still possible to use the common method of pumping 
on liquid helium, but a large capacity diffusion pump is required and 
some special precautions have to be taken. In the experiments under 
consideration measurements had to be made down to about 0.1° K and 
consequently the magnetic method was employed. 

The principle is to have an amount of liquid helium in contact with a 
paramagnetic salt, keeping both in a vessel which can be insulated 
thermally from the surrounding helium bath. The bath should be at a 
temperature as low as can possibly be attained by the normal method of 
pumping (about 1.05° K in the present case). To start with, the thermal 
contact is made between the inner vessel and the bath in the usual manner, 
by means of an exchange gas introduced in the interspace. The salt is 
now magnetized isothermally and consequently the entropy of the system 
is decreased. After evacuating the interspace the salt is demagnetized 
adiabatically as a result of which the temperature goes down. 

Some details of the demagnetization process will now be considered 
more closely. The entropy balance of the process is 


(2.01) SRo— Spt — (Sp-e— Sp?) + (SHe— SF*) + 69,,., 
S indicating the entropy. The indices p,o and p,H stand for paramagnetic 


salt in fields 0 and AH, He for helium, i and f indicate the initial and 
final temperatures of the demagnetization process. The last term on 
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the right is introduced to allow of a possible entropy production during 
the process which may arise when the salt and helium in the vessel are 
not permanently in thermal equilibrium. 

The left-hand side of equation (2.01) represents the gross cooling effect. 
This can be calculated easily from the initial temperature 7’, and the 
field H. It has its largest value when the salt is completely saturated by 
the magnetic field. In that case the value per mole is 


(2.02) Spe— Sp — R In (2s +1) 


1 


s being the total spin quantum number of the magnetic ion. Clearly the 
cooling effect is larger when a salt with larger s-value is used. Moreover 
with larger s the saturation value is easier to attain. For instance, in a 
specific case with T;=1.08° K and H=12000 © the cooling effect is only 
38 % of its saturation value when s= 1/2 (Cu K,(S 0,),-6 H,O), but 54 Fh 
if s= 3/2 (CrK(SO,),-12 H,O) and 62 % if s=5/2 (Fe(NH,)(SO,), - 1230). 
In this evaluation the Lanp&-factor is assumed to be 2 except for the 
copper potassium sulphate for which it equals 2.18 (le 

The first bracketed term on the right contains the entropy change of 
the salt. As is well-known for not too low temperatures 


(2.03) lS Ase ts + 4 aT? + constant 


b being the coefficient of the specific heat originating from electric and 
magnetic interactions and a that of the crystal lattice. The latter of 
these two contributions can be neglected: the | /T? term may have an 
important influence on the cooling. The 1/T2 term is no more a good 
approximation at the lowest temperatures (e.g. for KCr-alum_ below 
O27 Kk), 

The second bracketed term in (2.01) contains the helium entropy 
change. It is clear that because of the large entropy increase of liquid 
helium with temperature it is very important to have an initial tempera- 
ture as low as possible. For instance, the amount of liquid which can be 
cooled with 7,=1.0° K as the initial temperature is about twice that 
with 7;=1.1° K, using the same magnetic field. 

If the vessel is not completely filled with the liquid, an amount of 
vapour present as a consequence at the initial temperature may contribute 
to the entropy content which has to be removed. A calculation of this 
contribution gives (7',=1.08° K): 


ty Ve Y 
(2.04) ST = 0.07 5 S| 


where S¥ en St are the entropies of the amounts of vapour and liquid 
and V, and JV, their respective volumes. If V,/V,=0.2, the largest value 
used in the experiments, this contribution is less than 2%. Owing to 
the fact that the vessel is not closed, but connected by means of a capillary 


to the upper pumping tube, however, this contribution may be larger 
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although this upper tube is pumped continuously during demagnetization. 
The coefficient in the expression (2.04) increases with 7; but not rapidly. 

The term 6S,,, is probably not very large. A large contribution would 
result in a marked influence of the time of demagnetization on T';. No 
appreciable effect was found. A bad thermal contact between salt and 
helium may indeed be expected at temperatures of the order of a few 
tenths of a degree. In that region, however, this cannot have large 
influence because of the very small heat capacity of the liquid. 

Fig. 2.3 shows for 7,=1.08° K and H=12000 © the calculated number 


oO t Q5 iO * 


Fig. 2.3. The number of moles of the paramagnetic salt required for cooling one mole 
of liquid to 7, as a function of 7,.(7;= 1.08° K; H = 120000). Upper curve: 
copper potassium tutton salt. Lower curve: chromium potassium alum. 


of moles of the salt which are necessary for cooling one mole of liquid 
helium as a function of 7;. Two curves are drawn the upper one being 
that for Cuk,(SO,),-6 H,O (s=1/2) and the lower one that for 
CrK(SO,).-12 H,O (s=3/2). In both curves the part down to 0.7° K 
shows a rapid increase with decreasing temperature. This is the region 
where the helium entropy has the main influence. Below 0.7° K the 
curves are rather flat: the entropy of the liquid has become almost 
negligible. At the lowest temperature one observes again a fast increase, 
due to the influence of the salt entropy. The cause of the intersection of 
the two curves just below 0.1° K is the comparatively much smaller 
value of 6 in the case of the copper salt. 

Data on the entropy of the salts published by Dr KuerK [4] and 
Casimir ef al. [13] were used for the calculation of the curves. For the 
copper salt a 1/7 dependence was assumed. The Lanp&-factor was again 
taken equal to 2.18 in the latter case. 
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2.3 Heat insulation. Inall experiments below 1° K the thermal insulation 
is a very important problem. Usualy the vessel or sample is suspended 
m some way in an evacuated space with provisions for high heat resistance 
of the mechanical connections with the outer space. The usual precautions 
against radiation must also be taken by silvering the glass parts of the 
apparatus and inserting radiation-traps in pumping tubes. All this was 
done in the present case. 

In an experiment involving liquid helium below 1° K the situation is 
somewhat more complicated because the helium has to be brought in. 
In this case it would be convenient to have an inner vessel connected by 
means of a filling tube. One must keep in mind, however, that liquid 
helium IT produces a film which creeps up along the walls of this tube. 
The film evaporates somewhere in the upper parts of the cryostat, the 
vapour condensing back into the vessel, producing heat of condensation 
which is relatively large compared to the heat content of the vessel. In 
practice this would give a very short warming-up time. 

There are three methods to overcome this difficulty. In the first one 
the vessel is closed, the helium being brought in as gas under high pressure 
at room temperature [2] or condensed at liquid helium temperature [3]. 
Because of the high pressures involved the container must be a metal 
one which may seriously affect magnetic temperature measurement. In 
the second method the connecting tube is closed by means of a plug after 
the condensation of helium into the vessel. The demands made upon this 
plug are very high, as it should prevent the film from going through. 
This has indeed been achieved in some experiments [4]. 

In the present experiment a third method which is much more con- 
venient from the point of view of construction is used. The connection 
with the inner vessel is made by means of a narrow capillary. The film 
creep is thus reduced considerably, as it is proportional to the perimeter 
of the capillary. Recondensation would be largely prevented by the 
resistance of the capillary to gas flow and by pumping the upper part of 
the filling tube with a diffusion pump. A high resistance offered by the 
capillary to gas flow is of course essential, because the vessel itself at low 
temperature acts as an ideal high vacuum pump. The heat leak of the 
apparatus would then mainly be determined by a small residual con- 
densation of the vapour. As will be shown, however, the actual situation 
in the capillary may be more complicated. 

The heat leak, defined as the amount of energy increase of the vessel 
per second without extra heating, can easily be deduced from the experi- 
mental results. A typical example is shown in fig. 2.4. This plot shows a 
minimum at about 0.5° K. The increase towards low temperature might 
be attributed to magnetic heating due to the primary a.c. field used in 
the temperature measurements (see section 2.4). Unfortunately only one 
amplitude (about 15 Q) of this field was employed, but a similar though much 
larger effect was observed in recent experiments on CuRb,(SO,),-6H,O. 
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In that case it could be reduced by lowering the a.c. measuring field. 

Taking this into account there still remains the explanation of the heat 
inflow of about 12 erg/sec at low temperatures and its appreciable increase 
from 0.5° to 0.9° K (the value of the heat leak did not reproduce very well 


Fig. 2.4. The observed “‘natural’’ heat influx 
fe) (Q,) as a function of temperature for one of 


oO. . O5 10°K 


the measuring runs with Cuk,(SQ,), . 6H,O. 


in this latter range; its maximum varied from 50 to 200 erg/sec). It is 
rather difficult to explain without ambiguity the observed values of the 
heat leak, because little is known about the actual situation in the 
capillary. Moreover no data are available on some of the possible con- 
tributing factors in this temperature region and have, therefore, to be 
estimated by extrapolation. 

The heat leak may be determined by the following processes: 


a. the recondensation effect, 

b. the heat conduction of the glass, 

c. the heat conduction of bulk liquid which might be present in the 
capillary, 

d. conduction by the residual gas in the vacuum space, 
conduction by means of the electrical connections. 


The length of the capillary (k1) is 7 em, its inside diameter ~ 0.02 em, 
its outside diameter ~ 0.2 cm. Furthermore, jk ~ 6 em and the distance 
from the lower end of the capillary to the level of the liquid in the vessel 
is of the order of 1 cm (see fig. 2.1). The pressure in the pumping tube is 
between 10-% and 10-2 cm mercury. 

Firstly the conduction along the glass is considered. The coefficient of 
heat conductivity in this temperature region is not known, but it can 
be expected to vary as 7% at very low temperatures. Bist [6] finds above 
1.3° K a 78 dependence. A reasonable compromise seems to be to accept 
a T° law below 1° K and to adapt its magnitude to Bru’s extrapolated 
value for soft glass at that temperature. The result is A,,,,=3 = 10373 
erg/deg cm. In this way one finds for the glass leak Q, ~ 4 erg/sec, when the 
temperature of the vessel (7’,) is 0.5° K and that of the bath (7) is 1.1° K. 
This value does not change very much with temperature. 

Secondly the recondensation effect is considered. Using PorsEumn’s 
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law on the gas flow through the capillary and taking the vaporization 
heat to be 20 joule/g, one finds for the heat input Q, ~ 2x 108 + oe ae 
taken at any point of the capillary; p is expressed in em mercury. It can 
be seen that the recondensation effect is only able to account for the 
observed heat leak at low values of T,, if the entire temperature jump 
from the bath to the vessel occurs in the lower few millimetres portion 
of the capillary. At temperatures higher than 0.7° K the flow may be 
somewhat larger but by no means enough to account for the steep increase 
of the heat leak. 

An alternative possibility is the presence of bulk liquid in the capillary. 
This may be due to the capillarity or the fountain effect. The contribution 
of the former to the height of the helium in the capillary above the level 
in the vessel is only 0.4 cm [7] and is, therefore, of minor importance, 
unless some constriction occurs in the capillary (e.g. due to impurities in 
the liquid). The latter is, however, not very probable because no very 
large deviations between runs on different days were observed. 

A fountain height may exist, if the temperature gradient is large enough. 
At low values of 7, a temperature gradient is probably located between 
the helium in the vessel and the lower end of the capillary. The film 
contact would in that case act as a super leak connection and the capillary 
might at any rate partly be filled with liquid. The temperature gradient 
is mainly determined by the heat transport through the glass. At tempera- 
tures above 0.6° K, however, heat transport from the liquid in the vessel 
to the capillary mainly occurs by means of the vapour and the gradient 
can only be very small. 

Secondly if the heat conduction of the liquid in the capillary itself is 
small enough, a temperature gradient might be set up and a fountain 
height maintained in it. Explicitly if at a certain point d7'/dx <(dT/dz),, 
the latter being the reciprocal of the differential fountain height, the 
situation may be stable. The level of the liquid can not rise above the 
point where the equality sign holds good. The heat conductivity of the 
liquid is approximately known; below 0.7° K it is roughly proportional 
to 7 (the constant of proportionality can be estimated, see section 4.3). 
Above that temperature one may perhaps use a formula derived by 
Keegsom, Saris and Meyer [15] from their experimental data. It yields 


Ine =0.6 x 1077 (AT /dex)-"*, 


Working along these lines one finds that with values of 7, smaller than 
0.7° K it is just possible that the observed heat leak is compatible with 
a partly or wholly filled capillary. Above that temperature the temperature 
gradient which would exist in the liquid appears to be too small for the 
maintenance of a fountain height. For instance with 7, =0.8° K a heat flow 
of 200 erg/sec would be necessary to keep the capillary full. The quanti- 
tative agreement of these evaluations with the experimentally observed 
heat leak may perhaps be improved by a slight adjustment of the para- 
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meters (e.g. the inner diameter of the capillary or the magnitude of the 
heat conductivity of glass). 

If the explanation involving liquid in the capillary is true, the small 
leak below 0.6° K is determined by the heat resistance of the glass just 
below the capillary; the much larger heat leak above this temperature is 
determined by the heat resistance of the liquid in the capillary. The fast 
decrease above 0.9° K is perhaps due to the decrease of the fountain height. 

The conduction of the exchange gas might also account for the increased 
heat leak at higher temperatures. Before demagnetization the pressure is 
reduced to about 10-6 em of mercury. Most of the residual gas is adsorbed 
during demagnetization, but above 0.6° K it probably begins to evaporate 
again. According to a formula of KNupSEN [16] a pressure of 1077 em 
mercury gives a heat leak of the order of 150 erg/sec, when the bath has a 
temperature of 1.1° K and the inner vessel is at a temperature of 0.7° K. 
Unfortunately nothing definite can be said about the actual pressure. 

The conduction along the electrical wires can be completely neglected. 
They were made of superconducting material (lead or tantalum). 

The conclusion which has to be drawn from all this is that the data 
available are not sufficient to obtain a clear picture of the actual cir- 
cumstances responsible for the observed heat leak. Firstly one has the 
explanation involving liquid in the capillary. Secondly the heat leak can 
be explained by a combination of the recondensation effect, heat con- 
duction along the glass and the effect of the exchange gas. Moreover the 
phenomenon d may easily also contribute to the leak in the first mentioned 
possible situation. No definite solution of the problem can be given until 
more data become available on the course of the temperature at different 
crucial points. 

One final remark should be made on the influence of pumping on the 
capillary. As is seen, in both explanations this makes not much difference 
especially at low temperatures. With the recondensation effect the resistance 
of the capillary proves to be so large that in any case only a small amount 
of gas may pass through it. At higher temperatures the leak may only be 
slightly diminished. In the other explanation only a small decrease of the 
temperature at the upper end of the capillary may occur by a reduction 
of the vapour pressure. No explicit observations were actually made with 
and without pumping, but a rough determination gave about a 50 % 
increase of the heat leak in the latter case. 


2.4 Temperature measurement. The temperature was measured magnetic- 
ally, i.e. by determination of the susceptibility of the paramagnetic salt. 
This was done by means of a Hartshorn mutual inductance bridge which 
is a common method followed in many Leiden experiments and has been 
described in numerous papers and theses [8,9]. Here it will be briefly 
reviewed. The bridge consists of two sets of coils each forming a mutual 
inductance. One of these is fixed around the salt in the cryostat, the 


. 
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other is variable. By adjusting the latter the current in the secondary 
circuit can be reduced to zero, the primary current being constant. In 
this simple way, however, it is not possible to get an exact zero reading, 
because usually the difference of the phases of the voltages of the two 
parts of the secondary circuit is not exactly 180°. This difficulty is over- 
come by introducing into the secondary circuit a small voltage, which is 
in phase with the primary voltage thus having a shift of 90° with respect 
to the inductance voltage in the secondary. A vibration galvanometer 
with pre-amplifier is used as a null detector. For further details of the 
bridge may be referred to D. Brst’s Leiden thesis [9]. The circuit diagram 
is shown in fig. 2.5. The frequency used was about 200 Hz. 


Pp S 


Fig. 2.5. The mutual inductance bridge. 
P = primary circuit; S = secondary circuit; C = cryostat coils; N = calibrated 
mutual inductance; V = calibrated variometer for continuous adjustment; R,, P,, 
R, = phase compensation circuit; comm — commutator for adjusting the sign of 
the phase; P, = sensitivity potentiometer; G — vibration galvanometer. 


The primary coil in the cryostat is wound on the helium dewar; thus 
it is immersed in liquid hydrogen. The advantage of this is a considerable 
reduction of its resistance. The secondary coil is wound on the outer 
surface of the vacuum jacket of the inner cryostat. It consists of 3 sections, 
the middle one surrounding the salt, and two outer ones each having 
half the number of turns of the middle coil wound in the opposite direction. 
In this way the empty coil has a coefficient of mutual inductance near 
zero (the constant A of formula 2.07 is reduced), moreover, the pick-up 
from stray external fields is reduced considerably. 

The coefficient of the mutual inductance of the cryostat coils is 


a Gl 
(2.05) Me Bae 


A and B’ being constants, H, the external field and o the magnetic 
moment of the salt. Further 
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B being the Curie constant, 7’* the “magnetic” temperature and 6 a 
constant which depends not only on the magnetic properties of the salt 
but also on the external shape of the sample. The latter contribution 
to 6 can be calculated exactly, if the shape chosen is an ellipsoid. For a 
sphere the contribution is zero. With the paramagnetic salts used here 
for all temperatures above 0.2° K 7’=7* holds good. At lower tempera- 
tures this is no longer true, but the difference is small for the temperatures 
in the present experiments which were never extended much below 
0.1° K. If necessary, corrections were made by making use of the data 
from the literature. The magnitude of corrections will be given with the 
results. 
So the measured coefficient of mutual inductance becomes 


” 


2 nee eee 
(2.07) M=Ata— 


The constants A and B"” are determined by plotting M against 1/7’—6 
for a few temperatures in the normal helium region. 7’ is found by measuring 
the vapour pressure of the bath and using the agreed vapour pressure 
—temperature data of the van Disk-SHoENBERG tables [10]. The 
geometrical part of 6 is calculated, the part of it due to the properties of 
the salt itself taken from the literature. 
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2.5 The performance of an experiment. Before starting an experiment 
the inner part of the apparatus had to be freed from all kinds of material 
such as air and water which could block the capillary during the cooling 
process. Straightforward pumping was not advisable, because the water 
in the crystal of the salt might be pumped off. Moreover, it proved not 
to be very effective, probably resulting only in the closing of the capillary 
by the solidification of water. W ashing the system several times with 
pure helium gas proved to serve the purpose nicely. Afterwards it was 
pumped at liquid air temperature for a few hours. At this temperature 
the vacuum space was filled with helium gas exerting a pressure of about 
one centimetre of mercury. 

The cryostat was disconnected before filling and transported to the 
helium liquefier where the helium was also condensed into the inner vessel. 
After condensation the bath was filled up again. The cryostat was then 
installed in the experimental room and the pressure of the bath reduced 
in a few steps calibrating the magnetic thermometer simultaneously. 

After reaching the lowest pressure (about 0.02 cm mercury) the magnet 
which was movable on rails was pushed around the lower part of the 
cryostat and the field turned on. About 5 minutes were needed for 
re-establishment of temperature equilibrium after which the interspace 
was evacuated down to a pressure of 10-6 cm. The pumping tube con- 
necting the interspace was then closed and that of the inner vessel opened. 
Finally the field was turned off, the magnet pushed away and the experi- 
ment could be started. Measurements were always made during the 
warming-up of the apparatus which lasted usually about one hour, of 
course depending on the amount of extra heating. The temperature was 


followed continuously. 


2.6 The specific heat experiments. In the specific heat measurements the 
choice of the salt is very important because of the large heat capacity it 
may contribute to the total heat capacity of the calorimeter at the lower 
temperatures. The term of the specific heat which counts in this 
respect is that arising from magnetic and electric interactions and is 
proportional to 1/Z7?. Iron ammonium alum which was used in earlier 
experiments [11, 2] gives a contribution which is too large a correction 
for temperatures below 0.5° K. For this reason copper potassium tutton 
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salt was chosen in the later experiments. This salt has no specific heat 
arising from electrical splitting, in fact its specific heat per mole is only 
1/20 of that of the iron alum. As has been shown in section 2.2 the cooling 
effect of the copper salt is much less, but the salt correction can still be 
reduced by a factor 5, if the best salt-helium ratio is chosen. Fig. 2.6 gives 


0.02 r i 5 7h 


Fig. 2.6. Fully drawn line: the total heat capacity of the calorimeter. 


: the heat capacity of the helium liquid. 
----—- ———~—-: the heat capacity of the copper salt. 


the relative values of the heat capacities of the salt and of helium as a 
function of temperature in one of the experiments. 

Not much had to be added to the basic apparatus for a measurement 
of the specific heat. A carbon resistor was inserted as heater, the energy 
developed being measured in the usual way by reading voltage and 
current. Heat was applied for 10, 20 or 30 sec., automatically controlled 
by a clock device which has been described elsewhere [12]. 

An experiment was performed in the following manner. After demag- 
netization the temperature was measured by means of a bridge reading 
at an average rate of 7 points per minute. In this way the “natural” 
warming up was observed. Every few minutes a heating period was 
inserted. The heating curves which were the result of this procedure did 
not show any aftereffects, so it can be concluded that temperature equili- 
brium was re-established within a few seconds. Fig. 3.1 gives a typical 
example of such a curve. The amount of helium in the inner vessel was 
determined after the experiment by collecting it into a calibrated volume 
and measuring the pressure and temperature after the apparatus attained 
room temperature. The amount of helium pumped away by the diffusion 
pump during an experimental day was negligible. 
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2.7 The heat pulse experiments (cryogenic). For the heat pulse experiments 
there is no sense in choosing a salt with a small specific heat. It is even 
of some advantage to have a salt with a large specific heat, because in 
that case a heat leak has less influence on the heating-up time, at least 
below about half a degree Kelvin. Potassium chromium alum was pre- 
ferred, also because the magnetic temperature scale is the best known 
for this salt. 

The measuring tube which contained two flat resistors, one for generating 
the heat pulse into the liquid (heater) and another for detecting the signal 
(thermometer) was fixed in the inner vessel of the cryostat. The tube was 
made of a caseine product called “lorival’’. Its construction is shown in 
fig. 2.7a. Over the top and bottom of the cylindrical tube tightly fitting 
covers were pushed. 

Several types of resistors were tried. A carbon resistor made by painting 


Tk 


a 


Fig. 2.7. a. Construction of a tube for the propagation of heat pulses. 
T = tube; C = covers (the upper one is lifted); R = resistor (heater or thermometer). 
b. Construction of a home-made carbon resistor. 


aquadag on a circular paper sheet proved to be the best among the lot. 
The leads were provided for by fine platinum wire tightly wound round 
two small symmetrical wings of the sheet (see fig. 2.7b). 

In some experiments commercial resistor strips cut in the same general 
shape were used. The leads were soldered to the coppered wings. 

A third kind of thermometer resistor was made by winding a phosphor- 
bronze wire (45 4) on a flat ring in zigzag fashion. The corresponding 
heater made of constantan wire was of a similar construction. The metal 
thermometer, however, was rather insensitive and its small resistance 
inpracticable. Later on the constantan heater was also used in com- 
bination with an aquadag thermometer. 

Thermometers and heaters were fixed on the rim of the lorival tube by 
pressing on the covers. 

Tubes of different lengths and diameters were used; a review is given 
in table 4.1 (chapter IV). In the tube and covers many holes were bored 
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to provide for the entry of the liquid and for maintaining a good thermal 
contact during the experiments. 

Since tubes had to be exchanged several times and the dismounting 
and re-assembling of the cryogenic apparatus was a very troublesome job, 
especially for the glassblower, the outer wall of the vacuum jacket was 
made of a separate piece. It could be connected to the main part of the 
apparatus by means of a conical ground joint, lubricated with silicon 
grease. This connection proved to be vacuumtight even at low tempera- 
tures and when it was in direct contact with liquid helium IT. This arrange- 
ment simplified the problem of the exchange of the measuring tube to a 
large extent. At the same time the secondary coil of the mutual inductance 
which was wound on the separate piece, could be kept intact during such 
an exchange. 


2.8 The heat pulse experiments (electronic equipment). In this section 
after a general survey of the electronic equipment some details of the 
essential parts are given. Fig. 2.8 contains the block diagram to which 
will be referred in the following lines. 


Fig. 2.8. Block diagram. 
K = key; R = relays; DCS = direct current switch; MS mercury switch; 
D = delay; PG = pulse generator; AC = attenuator and earth-point adjustor; 
H = heater; At = attenuator for testing the amplifier; TCS = thermometer 
current source; Th = thermometer; Am = amplifier; Ot = oscilloscope trigger; 
O = oscilloscope; TM = time markers generator, . 


2.8.1. Principle and general set-up. Since it was necessary to 
keep the heat input as low as possible the method employed was a so-called 
single pulse method as contrasted to the usual one in which the pulse is 
repeated periodically. For the same reason the direct current which is 
needed for the detection of the change of resistance of the thermometer 
was only switched on for a few seconds. For the sake of convenience all 
switching was automatised in such a way that a simple pressing of a key 
was sufficient for starting and completing the succession of events for 
one observation. By pressing this key (K) a relay was operated which 
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switched on the direct current through the thermometer. After a delay 
of a few seconds the necessity of which will arise later, a second relay 
which broke a mercury switch was brought into operation. This latter 
produced a positive pulse of an arbitrary shape the first purpose of which 
was to start the horizontal motion of the beam on the oscilloscope. The 
normal position of this beam was just to the left of the screen. The second 
task of the pulse was to excite the pulse generator. Before this occurred, 
however, the pulse was delayed by a delay (D) which could be adjusted 
from 50 to 500 usec. This was necessary to introduce the signal which 
coincided with the heating pulse at a convenient spot on the screen. 

The pulse generator (General Radio 869A) produced a rectangular 50 V 
pulse over a resistance of 20 kQ. The pulse width could be adjusted from 
0.3 to 70 usec; in the experiments described 10, 20 or 40 usec pulses 
were almost exclusively employed. Before being put on the heater the 
50 V pulse could be attenuated. At the same time an arrangement was 
made for adjusting the earthpoint of the pulse voltage, the purpose of 
which will be described separately. 

The receiver part of the apparatus consisted mainly of an amplifier 
(Am) which carried the signal from the thermometer to the oscilloscope. 
After amplification by the oscilloscope-amplifier this signal was fed into 
one of the sets of vertical deflection plates of the Cossor double beam 
oscilloscope (model 1035). The second beam was used for either 10 or 
100 wsec time markers which were produced by a crystal calibrator. 


2.8.2. Delays (fig. 2.9). The sequel of events was started by pressing 
a key which worked a relay S,. The first purpose of this relay was to 
switch on the thermometer current. As the thermometer current needed 
a few seconds to become constant (this was mainly due to the influence 
of the a.c.filter in the circuit described below), the generation of the 
driving pulse had to be postponed for this period. This was accomplished 
by the circuit D, in fig. 2.9. Its main parts are a Wheatstonebridge and a 
thyratron. R, is a resistor with a large negative temperature coefficient 
(Philips N.T.C.). After the closing of the circuit by one of the contacts §,, 
this resistor is heated by the current and consequently decreases in value. 
By this the bridge balance is changed which results in a delayed switching 
off of the current through the thyratron. This current works a relay with 
a mercury switch (S,) which is broken. The voltage of point P is suddenly 
raised to about 20 V and a pulse with a sharp onset is generated. The 
use of a switch with mercury-mercury contact was essential because this 
proved to be the only switch which broke the contact instantaneously, 
thus producing only one single pulse. 

A similar delay D, of somewhat larger time constant served for switching 
off the thermometer current again and bringing the apparatus in its 
initial position. 

A third delay of much shorter time constant had to be introduced 
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between the time of triggering the oscilloscope and the time of the heater- 
pulse. aA 

The main part of the circuit is a so-called monostable multivibrator, 
consisting of two triodes B,, and By. Ba, is originally open, but is closed 


Fig. 2.9. Delays. 
K = key; T, = to thermometer d.c.switch; S, = first relay; S, = mercury switch; 
Tr = thyratron (PL21); R, = N.T.C. resistance; tr = oscilloscope trigger connec- 
tion; PG = pulse generator. For further details see the text. The double-triodes 
B, and B, are 6SN7 valves. 


by the positive pulse introduced at point P. At the same time By, is 
opened. After a period, depending on the fixed product R,C, and on the 
grid bias of B,,, which can be adjusted by the potentiometer (in fig. 2.9 
below on the left), the original situation is re-established. The result is a 
positive square pulse with variable length at point Q. After differentiation 
by means of C,R, the signal is inverted by B,, and the result is a delayed 
narrow positive pulse which can be used for driving the pulse generator. 


2.8.3. Attenuator and pick-up compensation. Since the pulse 
generator was not equipped with a calibrated attenuator at its output, 
this had to be built separately. It was combined with an arrangement for 
reducing the pick-up on the thermometer circuit, that occurred mainly in 
the cryostat. Efficient screening could perhaps be attained, but the 
method used here was much more convenient. 

The simplified equivalent circuit is drawn in fig. 2.10. As the coupling 
proved to be capacitive, it is represented as such. CD is the thermometer 
resistance, AB the resistance of the heater. As will be shown, the essential 
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thing was the adjusting of the earthpoint in the heater, the thermometer 
being earth-connected at one of its ends. One can now consider the Wheat- 
stonebridge ABCD. No pick-up will occur from AB on CD, when the bridge 
is balanced. This is approximately realised, if R ap/ Rpg =Cgc/Co,, because 
the parallel capacitances of R ap and Rp, have large impedances compared 
to those resistances and can be neglected. 

Fig. 2.11 shows the practical arrangement of the earth point adjuster. 
Normally no current passes through the triodes owing to the large negative 
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Fig. 2.10 Fig. 2.11 
Fig. 2.10. Simplified diagram, showing the capacitive coupling between heater 


and thermometer. 


Fig. 2.11. Combined earthpoint-adjuster and attenuator. 
PG = pulse generator; T,,T, = EL 34 triodes; A = double attenuator (only one 
section is shown); H = heater. 


bias of the grids. It flows only during the time of the pulse from the pulse 
generator. This results in a positive pulse on the cathode of the upper 
valve and a negative pulse of equal magnitude on the anode of the lower 
one. These pulses may be attenuated in two identical attenuators one 
section of which is shown. The last part of the circuit consists of four 
500 2 potentiometers mounted along one axis and connected in such a 
way that the cathode resistance of T, and the anode resistance of iy ate 
maintained at 250 2, while at the same time the impedance the heater 
“sees” in looking backward is a constant 5002. The adjusting of the 
earthpoint was performed by means of these potentiometers. 

The double attenuators provided for attenuation in steps of 4 db from 
0 to 60 db by means of two switches in series, each having four positions: 
the first one for 0, 4, 8 and 12 db, the second for 0, 16, a2, 46 db, The 
attenuation was performed by double z sections which were at in- and 
output adapted to 2 « 250. 

The pick-up compensation as described proved to be a very pleasant 
solution of difficulties with pick-up at the start of the investigation, when 
sometimes the pick-up was so large, that it even blocked the amplifier 
by overloading. By adjusting the earthpoint the pick-up signal could be 
eliminated almost completely, if the intercapacities of the wiring in the 
cryostat were not very unsymmetrical. What was left of the pick-up 
signal conveniently served as zero point for the time measurements. 
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28.4. Thermometer current circuit (fig. 2.12). To keep the 
current constant a high resistance in series with the thermometer was 


Si Aux. Att 


Fig. 2.12. The circuit of the direct current through the thermometer and the 


pre-amplifier. S, = relay contact (see fig. 2.9); Th thermometer; Aux.Att. 
auxiliary attenuator; Osc. = oscilloscope. For the amplifier 6AK5 valves were used. 


necessary. This resistance was at the same time part of a RC-filter which 
prevented a.c. signals from entering the thermometer. A disadvantage of 
this filter was that the thermometer current needed a few seconds to 
become constant. For this reason delay 1 had to be inserted. 

With a potentiometer the current could be adjusted from 10 “A to 
1 mA in steps by a factor of about 1.5. By means of a series resistance 
the current could still be reduced by 1/5. The magnitude of the current 
could be read on a small “A meter. 


2.8.5. Amplifier (fig. 2.12). The amplifier used was a three stage 
one of common design with a bandwidth ranging from 300 Hz to about 
30 kHz, amplification decreasing only slowly beyond that. The ampli- 
fication was about 3 x 108 which could be increased up to a factor 108 
by using the oscilloscope amplifier. The noise level was of the order of 
5 wV, mainly originating from the so-called flicker effect at low frequency 
in the first amplification valve. No special attempt was made to reduce 
this. To test the performance of the amplifier the pulse from the pulse 
generator could be fed directly into the input after large attenuation. The 
original purpose of this arrangement was also to have a signal on the screen 
simultaneous with the heater pulse. In practice, however, the pick-up 
signal proved to be more convenient for this. 

As will become clear later, signals with long and almost horizontal 
tails had to pass through the amplifier undistorted. To test the performance 
of the amplifier in this respect a so-called step function was introduced 
at the input, i.e. on the thermometer, and the output observed on the 
screen of the oscilloscope. The decay proved to be approximately expo- 
nential with a decay time of 45 «x 10-4 sec. When the correction is small, 
it is even possible, if necessary, to correct the observed signals for this 


decay. If the observed signal is represented as a function of time by 
y=m(ty), the corrected signal is 


(2.08) (lo) = malty) +& f(t) at, 
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D being the decay time. Actually this correction had to be introduced in 
many cases. 


2.8.6. Screening and grounding. Since the voltage level of the 
thermometer signals was low and the bandwidth of the amplifier had to 
be rather large, a lot of trouble could arise from pick-up of stray fields. 
In this respect contributions may be expected from the 200 Hz field 
used in the temperature measurement, the mains (50 Hz and overtones) 
and radio-frequency fields. The latter might cause a very annoying 
broadening of the line on the oscilloscope. 

The 200 Hz pick-up could be compensated easily by introducing a small 
counter signal in the thermometer circuit, using a magnetic coupling with 
the circuit of the primary coils of the bridge. 

By the use of co-axial lines for all connections to the cryostat and 
careful earthing, the other effects could also largely be eliminated. A large 
amount of experimenting was required to get adequate earthing; loops 
had to be avoided by bringing all earth-connections to one point only. 
This point was found by trial. 


2.8.7. Recording of observations. An observation was recorded 
by photographing the screen of the oscilloscope. A Southern camera was 
used; no shutter was necessary because of the single stroke operation of 
the oscilloscope. The films were developed afterwards and were stored for 
further inspection. For the purpose of making observations the pictures 
were enlarged by projecting on a white wall. Time measurements could 
easily be made by comparison with the time-markers and the shape of 
the signals could be analysed. 
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CHAPTER III: THE SPECIFIC HEAT 


In this chapter the evaluation of the specific heat from the experiments 
will be described. The corrections required are investigated in some detail. 
The data obtained on the specific heat are presented and discussed. 
Finally values of the entropy, computed by the integration of the experi- 
mental data, are given and discussed. 


3.1. Determination of the heat capacity of the calorimeter. As was men- 
tioned in section 2.6, the heating curves, resulting from a plot of the 
temperature against time, were of a very simple shape. In practice it 
was more convenient to plot the directly measured coefficient of mutual 
inductance n; of course, this makes no difference. m was expressed in 
number of turns of the secondary of the calibrated mutual inductance 
which was used for the compensation. No appreciable after-effects were 
found in these curves (see fig. 3.1) and the temperature course before 
and after the heating period follows practically straight lines. Also, 


26 t 27 28 min 


Fig. 3.1. A typical example of a heating point. 


except for the lowest temperatures, the slopes before and after are almost 
parallel. Consequently averaging of these slopes gives a reliable deter- 
mination of the “heat leak’? during the heating period. 
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The temperature increase during a heating period was usually of the 
order of a few hundredths of a degree. For this reason the heat leak and 
the heat capacity could always be considered as linearly dependent on 
2 and 7 during the heating period, although the heat capacity may 
change rapidly with temperature. 

The experiment gives directly the quantity dn/dt and (dn/dt),, the 
latter being an average of the slopes of fore- and after-period. The dif- 
ference gives the change due to heating only: 


(3.01) (dn/dét).o, = dn/dt — (dn/dt)p. 
The temperature calibration yields 

i 9 ; mS BY 

(3.02) n= A o2 Tie 


A, B” and 6 being known constants. No appreciable deviations from this 
Curie-Weiss law occur in the region above 0.2° K. So 


, Ei B’ av (n—A)? aT 
3.03 (3) SP eS ES Se es 
(3.03) TE le (P—6)? a ae BOS 


If the heat input per second = d@Q/dt, the heat capacity is equal to 


(3.04) 


<e dQ aT me BY daQ j}/dan 
tot ~ “a¢/ dt (n—A)? at (F)... 


all quantities on the right being known. There is, however, one difficulty 
concerning the value of 6 in the calibration formula 3.02. The part of 6 
arising from the shape correction is 0.002°. There is, however, a much 
larger contribution arising from the difference between the field working 
on the magnetic ions of the salt and the external field H,. Since it was not 
possible to determine 6 with sufficient accuracy from the calibration 
curve, the value of the latter contribution, represented by 0, had to be 
taken from the literature. This will be discussed in the next section. 


3.2. Corrections 

3.2.1. The salt correction. The correction arising from the heat 
capacity of the paramagnetic salt becomes quite large at low tempera- 
tures, its contribution being proportional to 1/7?. In fact, as has been 
shown in section 2.6, it sets a lower limit to the temperature range for the 
determination of the specific heat of helium by the method employed. 
In fig. 2.6 the heat capacities of the calorimeter, the salt and the helium 
are plotted together against the temperature. It is clear from this picture 
that with the present set-up no reliable values of the specific heat of 
helium can be obtained below 0.25° K. 

Since the construction of the apparatus did not allow of large variations 
in the amount of helium, it was not possible to determine the salt correction 
experimentally. Therefore, its value together with the value of 0 had 
to be taken from data in the literature. This gave rise to a difficulty, 
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because the various values published were not consistent. Some of them 
are given in table 3.1. The quantity 6 is again the coefficient in the 1/7 
law which is valid for the specific heat of the salt in the temperature 


region concerned. 


TABLE 3.1 
a 
Data on CuK,(SO,4).-6H,O 


a z re ee yi 
Author O(° K) | b/R per mole | Temp. region 
a EU IEEEE IEEE 
Tey Feces ces S78 ate eee a 0.052 6.3% 107 es. 
GARMIN 2 Ss) sh a Gey oe ees 0.035 6.x 10 Pe 
BENZIE and Cooke. .. . . | 0.085 + 0.005 6.0 x 10-4 Po ee oe, 
3ROER and KEMPERMAN. . . 6.4210 liquid air 


It is seen that there are roughly two sets of data, one with somewhat 
larger values of @ and 6 then the other. The uncertainty of these constants 
has, however, not a very large influence on the resulting specific heat 
values of the liquid. Above 0.7° K this influence is even negligible: the 
salt correction is very small and the temperature scale is only slightly 
affected, since it is adapted to the real temperature in the calibration 
region. Below 0.7° K the final results actually depend on the choice of 
the constants. On one hand the extrapolation of the temperature from 
the calibration points gives a temperature scale depending on the value 
of @ used. On the other hand the correction of the heat capacity of the 
salt depends on the chosen value of b. Fortunately, however, both effects 
largely compensate each other, as the larger value of O corresponds to 
the larger value of 6. 

An illustration of this ““compensation” is given in the following lines. 
It was not possible to deduce the salt data with sufficient accuracy from 
measurements of the heat capacity in the region below 0.25° K, where 
the helium contribution is negligible. It was not even possible to make a 
decisive choice between the sets of data given in table 3.1. All combinations 
fit equally well. The reason of this can be seen by calculating from the 
experimental data the heat capacity at some specific point, using first 
the low value of 0, then the high value. In the first case a smaller 
value of 7’ (i.e. a larger value of 1/72) results than that in the second 
case. Consequently, since dQ/d7 is not appreciably affected, the first 
calculation gives a smaller coefficient of the 1/72 term than the second 
one, This is just what should be expected from the corresponding b-values. 

On the whole the value of Dr KierK should perhaps be given preference, 
because a salt sample from the same source was used (impurities may 
affect the data). Moreover, there was just an indication that his @ value 
agreed somewhat better with the temperature calibration of the present 
experiments. For the sake of completeness calculations were also carried 
out on the basis of Garrerr’s data (see fig. 3.2). All further discussion 
is, however, based on DE KLERK’s values. 
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3.2.2. The vapour correction. If only part of the volume of the 
calorimeter is filled with the liquid, a correction is necessary for the heat 
of evaporisation and the heat capacity of the vapour. This correction was 
only small in the present case, because 90 % Of the calorimeter was 
usually filled with the liquid. The correction which can easily be calculated 
amounts to 


(3.05) (dQ/dt),.») = 13300 ears (4-4) oS z| ergs/deg cm; 

Cyap 18 the heat of evaporation per mole, p is expressed in cm of mercury. 
This formula is valid only, if the pressure is so low that the vapour can 
be considered as an ideal gas. The ratio of this correction to the heat 
capacity of the liquid is, of course, decisive. The evaluation shows an 
increase with temperature which is not very large. Although the experi- 
ments were extended up to 1.8° K this ratio never exceeded 1.5 Oe 

There remains to be considered the role played by the volume above 
the capillary in the evaporation process. In the temperature region below 
1° K the contribution can be completely neglected, but at higher tempera- 
tures this volume might have an appreciable influence. 

The experimental conditions for the measurements in the upper 
temperature region differ in some respects from those below 1° K. The 
helium bath was always maintained at about 1.05° K. The heat leak has, 
therefore, a negative sign. The pumping tube of the calorimeter is now 
closed to prevent the pumping away of helium from the calorimeter. 
Only the part of the upper pumping tube at liquid helium temperature 
may give an appreciable contribution to the correction of formula 3.05, 
the density of the vapour at higher temperatures being too small. As is 
well-known, the temperature in a cryostat rises sharply just above the 
bath, so the level of the bath determines the volume under consideration. 
Two cases have now to be considered which were actually observed in 
the course of the experiments. 

In the first case there is a good thermal contact between the bath and 
the pumping tube. This occurs, when the bath level is high enough. In this 
case the vapour pressure in the pumping tube cannot exceed its saturation 
value (about 0.02 cm of mercury). The helium in the calorimeter may 
evaporate and the gas would flow through the capillary. This current is 
wholly governed by the difference of pressure according to PoIskUILLE’s 
law. The negative heat leak arising from this evaporation process increases 
rapidly with the temperature; it amounts to 2 x 104 erg/sec at 1.8° K. 
It gives, however, straight lines for the fore- and after-period of a heating 
point and consequently the average heat flow from the calorimeter can 
easily be evaluated. An extra correction for the heat of evaporation is, 
therefore, not required. Its effect is completely accounted for by correcting 
for the “heat leak’’. The influence of the helium condensed in the pumping 
tube can be neglected. It will probably return into the calorimeter by 


390 


means of the capillary and in this way increase the negative heat leak, 
but this is only a small effect. The amount of helium in the calorimeter is 
certainly not changed appreciably during the experiments. The heat leak of 
2x 104 erg/sec occurring at 1.8° K corresponds to a mass transport of vapour 
of only 0,0006 gr/min, the content of the calorimeter being about 1.8 gr. 

The second case occurs with a low bath level (below point j in fig. 2.1). 
Now there is no equilibrium between the pressure in the tube and the 
bath. The negative heat leak is much smaller (see table 3.2), because the 
low pressure in the upper tube is not maintained at the saturated vapour 
pressure of the bath and consequently the pressure difference can be 
much smaller than in the first case. At a heating point the relative change 
of this pressure difference during the heating, however, is much larger. 
An estimate of the gas flow through the capillary shows that during the 
time of the heating an appreciable part of the pressure equalisation should 
take place. Consequently it is possible only for a part of the correction 
due to evaporation to be included in the heat leak evaluated by means 
of averaging the slopes of the fore- and after-periods. The other part 
cannot be corrected for, because the exact temperature in the upper tube 
is unknown. On the other hand, since probably only a small portion of the 
upper tube tube is at low temperature, the average density of its vapour 
content is low and consequently the amount of gas to be transported 
through the capillary for attaining pressure equilibrium is small too. 
Thus the correction involved is probably negligible. To give a specific 
example: if the part of the upper volume at low temperature is 2 em%, its 
total contribution to the heat content of the calorimeter would be about 
4% at 7’=—1.6° K. About one fourth of the amount of vapour responsible 
for this passes the capillary during a heating period of 30 sec. The in- 
correctible part would, therefore, give an error of 1 %. Probably the 
situation is even more favourable in a real case. 

The argument with respect to the second case is certainly not completely 
conclusive. The best proof of the reliability of the experimental results is 
perhaps the absence of any systematic difference between the measured 
specific heat values in both cases. The first case usually occurred with the 
first series of measurements on a measuring day. In the latter two or three 
series the second case was observed. 


3.2.3. Other corrections. The calorimeter consists of glass and 
contains, apart from paramagnetic salt and helium, a few platinum wires. 
The heat capacities of the glass and the wires can be completely neglected 
compared to the joint contribution of the salt (about 14 g) and the 
liquid helium (1.7 to 1.8 g). Accurate values of the specific heat of glass 
are not known, but the temperature dependence is almost certainly a 
third power law with an absolute value of the coefficient well below 1 a 
of that of helium in the “phonon” region (the Debije temperature is 
certainly larger than 100° K). 
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TABLE 3.2 


Two series of measurements. 

SE | alee | dQidé (d@/de), | at Ctot Cont c G . 
ore ell ease mall g/see | erg/se sa va i joule 
EGG O ST IKG ae sa | = sec joule/deg |joule/deg ioule dee pula ace ae 

12) Boos 0.039 0.038 | 10} 0.0123 0.00117 ee 

150 5.3 0.039 | 0.035 | 10] 0.0076 | 0.0081 

229 515) | 0.040 0.023 | 30] 0.0035 0.0035 

324 ese | 0.040 0.023 | 10] 0.00313 | 0.0017 0.0014 | 0.00082 

377 13.35 0.040 0.020 | 10) 0.00309 | 0.00128 0.0018 | 0.00106 

448°" | 36:3 "| 0.162 0.021 | 10} 0.00526 | 0.00091 0.0044 | 0.0026 

518 26.0 0.159 0.019 | 10| 0.00621 | 0.00068 0.0055 | 0.0033 

558 223 0.158 0.018 | 10] 0.00718 | 0.00057 0.0066 | 0.0039 

592 LOND me 0.156 | 0.021 | 10} 0.00894 | 0.00052 0.0084 | 0.0050 

622 i esya| | 0.156 | 0.023 | 10] 0.0105 0.0005 0.0100 | 0.0059 

656 | 12.4 | 0.154 | 0.029 | 10} 0.0135 0.0004 0.0130 | 0.0077 

GBT p/p etR0 |) 10.15) 0.038 | 20) 0.0156 | 0.0004 0.0152 | 0.0088 

726 14.8 | 0.151 | 0.046 | 20) 0.0208 0.0003 0.0001 0.0204 | 0.0120 

764 | 29.3 | 0.851 0.061 | 10) 0.0295 0.0003 0.0002 0.0290 | 0.0172 

817 Sxendy | 0.852 | 0.080 | 20! 0.0480 0.0003 0.0003 0.0474 | 0.0279 

860 | 26.4 | 0.852 0.096 | 20) 0.0649 0.0002 0.0005 0.0642 | 0.0378 

901 BLED 2.79 0.091 | 10) 0.0874 0.0002 0.0007 0.0865 | 0.0503 

962 60.0 2.77 | 0.091 | 30] 0.140 0.001 0.139 0.082 

1015 41.1 eae | 0.071 | 30} 0.202 0.002 0.200 O18 
1052 a1:8 aia 0.017 | 30! 0.259 0.002 0.257 OME 
1080 | 22.8 6.87 2063 10} 0.301 0.002 0.298 0.175 
1099 | 19.8 6.86 | —0.075 10) 0.346 0.003 0.343 0.208 
Se elon 6.88 —0.130 | 10} 0.388 0.003 0.385 0.226 
AU 2s > FD) Te | OSU 10| 0.453 0.004 0.449 0.264 
| | | 
IWGs; | Aal 12.19 —0.31 10) 0.456 0.004 0.452 0.270 
1185 24 127 (0.47 | 10) 0.501 0.004 0.497 0.296 
1212 43 LPR ss == (oT 2O MOSS 0.005 0.568 0.332 
1240 36 22 Oe Oney al 20) 0.674 0.006 0.668 0.398 
1265 25 19.0 (0,49 LON Omis 0.006 0.747 0.445 
1284 | 24 18.9 —(0.48 10, 0.801 0.007 0.794 0.473 
1303 21.5 19-05 || 10) 0.891 0.007 0.884 | 0.526 
1321 19.5 19.0 —0.5 10| 0.979 0.008 0.971 0.579 
1344 40 43.1 —0.4 10} 1.069 0.008 1.06 0.632 
1380 | 35 43.1 —0.6 LO eas 0.01 le22 0.725 
1409 | 32 43.1 | —0.8 LOW esa 0.01 1.34 0.800 
1438 28 43.0 —0.6 LOW ISS 2 0.01 I atayll 0.902 
1473 50 43.1 —0.7 20| 1.74 0.01 Wee 1.03 
1516 42 43.1 —0.8 20} 2.03 0.01 2.01 1.20 
ios 38 43.1 —0.8 20) 2.30 0.02 2.28 1.36 
1592 54 43.0 —0.8 BOleesoS 0.02 2.37 1.41 
1627 26 76.1 —1.0 10| 2.89 0.02 Papert evel 
1660 49 76.0 —1.6 20} 3.09 0.02 3.07 1.83 
1700 43 76.3 —1.8 PAY) 335585) 0.02 3.52 Drale2 
1730 30 IPA = [1,1 10} 4.06 0.03 4.03 2.40 
1769 55 121.4 —2.0 20} 4.39 0.03 4.36 2.60 
1817 49 2, = 30) 20} 4.99 0.03 4.96 2.96 
1860 47 136.0 —1.0 20) 5.76 0.04 ah) 3.41 
1922 48 S23 —3.0 20! 6.34 0.04 6.30 3.76 


TABLE 3.3 


Measuring points below T = 0.75° K. 
| 1 | C | T | CG 
ee O? | j/gdeg = 10? | || ec ser OS | j/gdeg x 104 
_——_—_—_—_—_——_—$_ —————— ef 
AJ 414 || BID | 248 | 3.7 
476 26.3 | | 286 6.6 
524 34.0 | 337 | 8.4 
566 43.6 434 20.3 
614 | 53.1 465 | 28.3 
673 | 95.1 497 | 29.6 
137 127 52s | 35.4 
554 51.0 
All 306 | 6.4 586 50.7 
401 | 17.0 | 627 70.1 
475 25.2 673 90.1 
523 | 35.8 716 122 
575 | 47.0 | 
649 63.0 1 CI 324 8.2 
750 150 s7T7 10.6 
| 448 25.6 
BI 281 | 4.9 518 32.6 
357 11.1 | 558 38.9 
423 | 19.0 592 49.5 
467 23.5 622 59.0 
501 29.8 656 76.6 
546 32.5 687 88.3 
595 55.3 726 120 
654 71.8 
| Cll 246 4.3 
BIT 274 4.4 319 8.5 
323 8.0 402 15.1 
395 | 14.7 476 25.2 
428 19.8 552 38.4 
| 460 25.5 611 52.5 
49] 28.1 660 73.5 
515 33.4 693 102 
536 37.1 | 739 137 
559 45.0 \ 
585 49.0 | 
606 | 53.3 
627 67.2 | 
652 72.1 | 
678 90.3 | 
. 


3.3. Results. The results are shown in the tables 3.2, 3.3 and 3.4 and in 
the figures 3.2 and 3.3. Table 3.2 contains a review of two series of measure- 
ments, the first one for temperatures below, the second one for tempera- 
tures above the temperature of the bath. Apart from the actual results, 
the heat input per second, the average heat leak per second and the 
corrections for the salt and the vapour, discussed in section 3.2 are also 
given. The second column contains the temperature increase during 
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Fig. 3.2. The specific heat below 1° K as a function of temperature. 
Full line: calculated with pre Kirrx’s data of © and b. 
Dotted line: calculated with Garrert’s data. 


heating, the fourth column the time of heating. These two series give an 
idea of the relative magnitude of heat leaks, external heat input and 
different corrections. They include only about 20 % of the total amount 
of data obtained. 

In table 3.3 the results of measurements below 0.75° K are compiled. 
Fig. 3.2 shows a logarithmic plot of the specific heat as a function of 
temperature for the lower region. Fig. 3.3 represents the same semi- 
logarithmically for the higher region. Again only part of the measured 
points are plotted to avoid confusion. The full line corresponds to the 
“smoothed” values which are tabulated in table 3.4. For temperatures 
above 1.8° K the data of Kmnsom and Krgsom [5, 6] were used. 

The graphs give a good impression of the accuracy. Deviations above 
0.75° K may amount to 2 to 3 %. In the lower temperature range this is 
somewhat larger, due to the relatively large influence of the salt correction 
and the heat leak. Moreover, some small systematic differences between 
the results of different series were found, due to some uncertainty in the 
dependence of m on temperature. The temperature scale is after all an 
extrapolation of the curve through the calibrated points in the normal 
helium temperature region. Therefore, rather small ambiguities in the 
absolute value of the temperature may affect the results more seriously as 
the temperature dependence of the phenomenon under consideration is 
very large. The scattering of the points between 0.75 and 0.4° K amounts 
to 5 to 10%; below 0.4° K the scattering increases rapidly, the salt 


correction becoming predominant. 
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Fig. 3.3. The specific heat in the temperature region between 0.75° K and the 
: A-point (1949 temperature scale). 
© measuring points from the present investigation. 
A, points of Kersom and Miss KrEsom. 
Y points of Keesom and CLusIvs. 


3.4. Comparison with other experiments. Several experimental data in 
the temperature region attainable by pumping on liquid helium had 
already been published. The points of Kersom and Criusrus [7] and 
Kerrsom and Krrsom [6] are plotted in fig. 2.3. There are only a few 
points available between 1.25 and 1.9° K which are in reasonably good 
agreement with the data of the present investigations. These results had 
partly to be recalculated to the 1949 temperature scale of the vapour 
pressure of helium. The scattering of K&rsom and KrEsom’s points above 
1.9° K is much less, so they could be used for computing the smoothed 
values of the specific heat given in table 2.4. 

Other published data are those of Kmrsom and Werstm1JzE [8] in the 
temperature region from 0.6 to 1.6° K. Their values are represented by 
the formula c,,,=9.6 « 10°78 joule/g deg; these values are on the average 
about 8 % too low. The authors did not claim, however, a great accuracy. 

The same applies for the values compiled by GorTsEr et al. [9], because 


they used the Kresom and Westm1Jze formula in the region between 
1.0 and 1.6° K. 


The agreement with the results 
is much better. Their formula Gaon 


considered as a good average over the quoted temp 
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wants to represent the results by a single power of 7’. 


of Hunt, WinKryson and Wrirxs [10] 
= 0.0 10-2 (06 = 1k4 can be 
erature range, if one 


TABLE 3.4 

Smoothed values of the specific heat and the entropy of helium IT. 
T GC ae | Gen C S G. 
°K | joule/g deg | joule/g deg joule/edeg|| ° K joule/g deg | joule/g deg joule/g deg 
0.60 | 0.0051 | 0.00169 0.0 1.45 0.944 0.162 0.872 
0.65 0.0068 0.00215 1.50 1.127 0.197 1.048 
0.70 | 0.0098 0.00276 0.0017 1.55 1.330 0.238 1.243 
0.75 | 0.0146 0.00358 0.0047 1.60 1.572 0.284 1.476 
0.80 | 0.0222 0.00475 | 0.0102 1.65 1.83 0.336 1.72 
0.85 | 0.0343 0.00644 0.0199 1.70 2.11 0.395 2.00 
0.90 0.0510 0.00885 0.0338 1.75 2.46 0.461 2.33 
0.95 | 0.0743 0.0122 0.0541 |; 1.80 2.80 0.535 2.66 
1.00 | 0.1042 0.0168 0.0807 1.85 3.19 0.617 3.04 
1.05 0.142 0.0227 0.115 1.90 3.63 0.709 3.47 
EG 0.191 0.0304 0.160 ino 4.27 0.812 
1S 0.250 0.0402 0.215 2.00 4.95 0.929 
1.20 0.322 0.0523 0.282 2.05 5.82 1.061 
1.25 0.410 0.0672 0.364 2.10 6.92 1.215 
1.30 0.516 0.0853 0.464 2.15 8.61 1.40 
1.35 0.634 0.1069 0.576 2.18 TG 1.53 
1.40 0.780 0.132 0.716 Melick! See 57 


The more recent experiments of Hercus and WiLKs [11] which were 
published after the original publication of the experiments discussed 
here [12] gave, however, values about 10 % higher in the temperature 
range from 1° to 2° K. 

The results of experiments by Doxovupin et al. [ 13] which were performed 
in the Leiden laboratory, using a completely different technique, are 
once more in good agreement. 
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PHYSICS 


SOME PROPERTIES OF LIQUID HELIUM BELOW 1° K. IIIs 
BY 
H. C. KRAMERS 


(Communicated by Prof. C. J. GORTER at the meeting of September 24, 1955) 


3.5. Comparison with theory. According to the theory of excitations the 
specific heat should be built up out of two contributions, one due to the 
phonons, the other due to the so-called rotons. As was stated in chapter I, 
this division makes only sense for temperatures which are not close to 
the A-point, since in that region the density of the excitations becomes 
too large. In fact, the applicability of the theory of excitations breaks 
down near the /-point. 

The phonon part of the specific heat is proportional to 7°. Assuming 
that no transverse waves are possible in liquid helium, it is only dependent 
on the velocity of sound 2: 

3 
(3.06) Cyn = qe 8 

i 
The roton part of the specific heat, assuming the energy spectrum of a 
roton to be represented by formula 1.26 is given by 


< =, 1 xm! P 2 fh Vs 1 A - er x i 3 x 2 das 
2 ( — | : Pee fo Hse Yh} = a2. oe as bah (Ss Ys | p—A/x 
(3.07) c= (200) aa: (2) (4) m (=) [7 ris “(=) T |e . 


m indicating the mass of one helium atom. 


The roton contribution has a very large temperature dependence, so 
it is to be expected that at low enough temperatures only the phonon 
contribution will survive. 

Returning now to the experimental results, the inspection shows that 
this actually occurs below 0.6° K. The data in that region are in good 
agreement with a 7% law and can be represented by 


(3.08) Cyn = 0.0235 (+ 0.0015) x T® joule/g deg. 


Using a value of v,= 237 m/sec, obtained by extrapolating the measure- 
ments on the velocity of first sound [14, 15] in the normal helium region, 
one gets from formula 3.06 


Cy, = 0.0212 x T% joule/g deg. 


The agreement is not bad; the difference, however, just exceeds the 
accuracy limit claimed for the specific heat experiments. On the other 
hand, it is not to be expected that there is a large error in the measure- 
ments on the velocity of sound. The extrapolation to lower temperatures 
cannot introduce any large uncertainty either, since just above 1° K the 
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velocity is already practically constant. If there is any ambiguity here, 
it points to an even lower value of the specific heat. So the difference has 
to be explained by a systematic error in the present experiments or by 
an unforeseen complication in the theory. The first supposition can only 
be justified by making new measurements. These are actually in progress 
in the Leiden laboratory. The ambiguity of the data on the salt mentioned 
in section 3.2 is certainly not responsible for the deviation. 

As to the second supposition, one is tempted at first sight to suppose 
a dispersion of the velocity of sound at the high frequency of the “thermal”’ 
phonons. (The measurements of ATKINS and CHASE were performed at 
1.4 x 107 Hz; the average frequency of the thermal phonons at 0.5° K 
is of the order of 101° Hz). The velocity of sound corresponding to the 
experimental value of the specific heat is 226 m/sec. It should be pointed 
out, however, that this supposed dispersion has the wrong sign. In normal 
sound the dispersion, due to relaxation effects, gives an increase of the 
velocity with the frequency. On the other hand, some kind of ‘‘resonance”’ 
dispersion may perhaps occur, if the phonon wave length is no longer 
very large compared with the atomic distance (see fig. 1.1). 

Turning now to the higher temperatures, where the specific heat should 
be represented by c=c,,+c,, one can compare ¢,, found by subtracting 
Cyn from the total specific heat, with formula 3.07. The experimental values 
of c, are also compiled in table 3.4. 

Formula 3.7 has the form c,= B/(T)e-4*", B being a constant and f(7’) 
a function which changes only slowly with temperature (practically 
[(L)=T~:). The main dependence on temperature arises from the expo- 
nential factor. By plotting the experimental values of c,f(7') against 1/7 
a straight line should be obtained. This is actually the case in a large 
region: between 0.8° and 1.6° K the deviations are less than 4 %- Below 
0.8° K the roton specific heat seems to decrease even faster with tempera- 
ture. Because of the uncertainty of the phonon specific heat, not much 
importance should be attached to this observation. The former is still a 
major contribution in this region. Above 1.6°K the dependence on 
temperature is also somewhat faster, probably due to the influence of 
the neighbourhood of the A-point as discussed at the beginning of this 
section. From the slope of the straight line found in this way, the magni- 
tude of A/x can be deduced. It is found to be 9.1° K (+ 0.15) (see also 
section 4.7) 1). 

The constant B still contains two unknown quantities: the “effective 
roton mass” ~ and jp», the momentum of a roton of the smallest energy. 
For an evaluation of « and py yet another function connecting these two 


1) In the original publication of these experiments [12] a value of about 8° K 
was given. The difference with the present value is due to the use of LANDAU's 
first proposal of the energy spectrum of a roton: e = A + p?/2u, which at une Hint? 
seemed to be the best representation. The main term of f(7') in that case is 7'-"/: 
and this just causes the difference. 
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quantities has to be found from experiments. The specific heat data lead 
to (pp/h)® x (ulm) s=2.4 x i0'8. In these calculations the difference 
between the specific heat at constant volume considered in theory and 
the actually measured specific heat at the saturated vapour pressure can 
be completely neglected. 

The conclusion is that there exists a reasonable agreement between the 
experiments and the predictions from the theory of excitations. The 
latter gives in any case an adequate description of the specific heat below 
1.6° K. Experiments seem to show a somewhat sharper bend in the curve 
of figure 2.2 at 7'=0.6° K than was expected from the theory, but the 
accuracy of the measurements is not sufficient in this region to make a 
definite statement. 


3.6. The entropy. The entropy can be calculated from the specific heat 
by means of 


(3.09) S(T) = | o at’. 


The results of this integration can be found in table 3.4. The smoothed 
values of the specific heat were used. 
The integration of formula 3.8 yields for temperatures below 0.6° K: 


Sin= 9.0078 (+ 0.0005) x 7% joule/g deg. 


The previously published entropy data [9], based on a similar calculation 
by making use of other measurements of the specific heat show deviations 
of the same order as those mentioned in section 3.4. 

The computed entropy data can now be compared with the entropy 
calculated from measurements on the fountain effect and the mechano- 
caloric effect, provided the formulae of H. Lonpon are accepted. At the 
same time, this comparison furnishes a test to those formulae. H. LONDON’s 
formula for the fountain effect is 


(3.10) dp/dT =oS 
and for the mechano-caloric effect 


(3.11) Q=ST. 


In the latter Q@ is the heat production in a vessel per unit mass of super- 
fluid helium flowing from the vessel. 

Consider now first the entropy calculated from Kapirza’s measurements 
on the mechano-caloric effect [16]. The values are about 4 % higher at 
temperatures below 1.5° K and 10 % higher above this temperature than 
the present results. 

The experiments of Mryrr and MELLINK [17] yield values in agreement 
between 1.4 and 1.7° K, but a few percent higher below this region and 
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up to 10 % lower above it. The scattering of their points is, however, 
rather large especially near the A-temperature. 

New experiments on the fountain effect by Pesuxoy [18] in the tempera- 
ture region from 0.82° to 1.59° K are in excellent agreement with the 
entropy values given in table 3.4. 

Finally the recent indirect measurements of the fountain effect by 
VAN DEN MEYDENBERG et al. [19] are within the limits of accuracy of 
both the experiments in agreement with the present data. 


3.7. Conclusion. It should be noticed that results of experiments on the 
specific heat of helium II may depend very much on the temperature 
scale used for the vapour pressure of helium. This is due to the rapid 
change of the specific heat with temperature. Particularly in the region 
between 1.5° and the A-point an uncertainty still exists. For instance, 
the scale proposed by KisTEMAKER [20] brings down the /-temperature 
by 0.014 degree Kelvin compared to the 1949 scale of van Disk and 
SHOENBERG. At 1.5° K the two scales agree, in the intermediate zone the 
differences change about linearly 1). 

The effect on the specific heat and the entropy results mainly in a 
shift of the temperatures of the values mentioned. The values themselves 
are hardly effected (less than 0.5 %). 

On the other hand, this can only have an influence on the data of 
KeEESOM and KrEsom and those of Krrsom and CLustus, which were 
used to fill the gap between 1.8° K and the A-point. The magnetic thermo- 
meter used in the experiments described in this chapter was usually 
calibrated against the vapour pressure at about 2.6°, 1.4° and 1.08° K 
and not in the disputed region. So these results are independent of such 
a change of scale. 

A few final remarks may perhaps be made on the reliability of the data 
of the present experiments. The agreement with other reliable experiments 
is usually good. A serious difference exists, however, with the results of 
Hercvus and WIxks [11]: this situation has yet to be cleared. The indirect 
measurements on the fountain effect of van DEN MeyDENBERG et al. [19] 
and the latest experiments of PesHKov [18] give a good support for the 
calculated entropy values as well as for the validity of H. Lonpon’s 
formula for the fountain effect. The older direct measurements on this and 
the mechano-caloric effect show poor agreement. The mutual agreement of 
these experiments, however, is still worse. The conclusion is that there is as 
yet no reason to distrust the values of the entropy based on the experiments 
described in this chapter, nor in fact the formulae of H. Lonpon. 


1) Since this text has been written, a new temperature scale was accepted at 
the Paris conference on Low Temperature Physics in September, 1955. In the 
temperature region under discussion this scale is practically in agreement with 
the Kistemaker scale. The data given in table 3.4 for temperatures larger than 
1.8° K must, therefore, now definitely be recalculated. 
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PHYSICS 


VARIATIONAL FORMULATION OF TWO-DIMENSIONAL 
DIFFRACTION PROBLEMS WITH APPLICATION 
TO DIFFRACTION BY A SLIT 


BY 


éXe Ns IDI IRKOXOU 


(Communicated by Prof. R. Krone at the meeting of June 25, 1955) 


1. Introduction 


In the present paper we deal with the diffraction of a time-harmonic 
electromagnetic wave by an aperture in a perfectly conducting plane 
screen of vanishing thickness. The aperture (which may consist of several 
disjoint parts) is restricted to be cylindrical in the y-direction, i.e., its 
boundaries are parallel to the y-axis of a rectangular coordinate system. 
If, moreover, only the y-component of either the electric or the magnetic 
field of the incident wave is different from zero, the total field is inde- 
pendent of y. In the first case (parallel polarization) the non-zero field 
components can be derived from #,, the y-component of the electric 
field, and in the second case (perpendicular polarization) the non-zero 
field components can be derived from H,, the y-component of the magnetic 
field. Hence, the solution of the diffraction problem is reduced to the 
determination of two quantities, viz. H, and H,, that satisfy: the two- 
dimensional wave equation, the appropriate boundary conditions at the 
screen, the edge condition and suitable conditions at infinity. 

It will be shown that in the case of plane-wave excitation the complex 
amplitude of the far-zone diffracted field can be written in a stationary 
form which is of the well-known Levine-and-Schwinger type [1]. Finally, 
the variational formulation is applied to the diffraction of a plane wave 
by an infinite slit of finite width. The aperture distribution, the complex 
amplitude of the far-zone diffracted field and the transmission coefficient 
are determined up to and including the terms of relative order (kb)! 
(k=wave number, 2b=width of the slit). For normal incidence our 
results agree with those of Bouwkamp [2] and MULLER and WesTpFaut [3]. 
2. Integral equation and associated variational principle 

We consider the diffraction of an electromagnetic wave by a cylindrical 
aperture A in a perfectly conducting plane screen » of vanishing thickness, 
which coincides with the plane z=0; the boundaries of A are parallel to 
the y-axis. The surrounding medium is assumed to be homogeneous and 
isotropic with inductive capacities ¢ and «. The harmonic time-dependence 
of the form exp.(—vat) is omitted throughout. 
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In the first place we deal with the case of parallel polarization. The 
incident wave, coming from z<0, is then given by 
(2.01) E'=(0, ui, 0),  tk(u/e)*H'=(— dui /dz, 0, duj/dz), 
in which k=a(eu)', with the corresponding total field 
(2.02) E=(0, u,,0),  tk(u/e)*H =(— du,/dz, 0, du,/dz). 
The wave function u, can be written in the following form [4]: 
( u(x, z) = uy(z, z)—ui(x, —z)+9,(7, —z), when z <0, 
( u(x, z)=¢,(x, 2), when z = 0. 
In (2.03) the function y,(a, z), defined for z = 0, has to satisfy: the two- 
dimensional wave equation 
(2.04) d°—p,/dx? + dy, /d2? + kg, = 0, 


the boundary condition ¢,(7,0)=0 on 2, Sommerfeld’s radiation con- 
dition at infinity and the edge condition (x, z)=O(D*) in the neighbour- 
hood of a sharp edge, where D denotes the distance from the edge. In 
virtue of the variational principle to be stated later on, we choose for 9, 


a representation which expresses g, in the value of w,(x, 0) in the aperture, 
viz. 


(2.05) p(t, 2) / a) Oe VAD [k{(a—a’)?+ 27" dz’, 
where y(x’)=,(x’, 0) and H\ denotes the Hankel function of the first 
kind and order zero. The ces of du,/dz in the aperture requires 


(2.06) [dui/dz],.9 = — 4¢ lim ( a ') AY [k{(a— 2’)? +27} 4] da’, 


Norah 

if «eA. This leads, with (2.04), to the following differential-integral 
equation 

(2.07) [dui /dz],-9 = 2(k? + d2/d22) Jee G(x, x')dx', 

if x € A, where 

(2.08) G(x, a’) = (i/4)H (kx —2'|). 


Using the condition y(x')=0 on the rim of the aperture, integration by 


parts of the second term in the right-hand side of (2.07) gives the equivalent 
form 


(2.09)  [duji/dz].-9= 2k? f p(x’) G(x, a’) da’ + 2(d/dx) f (dp/da") G(a, a’) dx’, 
A A 

if xe A. For plane-wave excitation, 

(2.10) ui(x, z)=exp [ik(x sin 6) + 2 cos 6,)], 

the left-hand sides of (2.07) and (2.09) read 


(S01) [du}/dz],.9 =tk cos Oy exp (ikx sin ,). 
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To obtain the far-zone diffracted field, let (R, 6) be the polar coordinates 
of the point of observation at a large distance from the aperture. Inserting 
in (2.05) the asymptotic expansion of the Hankel function, we have 


(2512) P(x, 2) ~ A, (9, O9)(8akR)~* exp (tkR +in/4), 

with 

(2.13) A,(9, 4) = — 2tk cos 6 f @(6,; 2’) exp (—vkx' sin 6)dz’, 
A 


in which (6); x’) denotes the aperture distribution due to an incident 
plane wave travelling in the direction Oo. Multiplying through in (2.07) 
or (2.09) with (8; x), using (2.11) and integrating over the aperture, 
we obtain 


tk cos 69 f (8; x) exp (kx sin 6,)dx = 
(2.14) 4 

=2 fda J [k°q(G); a’)p(O; x) — {dp(Oy; x')/dx"} {9~(; %)/ 00} |\G(x, x da’, 

A A 

where in the second integral of the right-hand side we have used the 
condition g=0 at the edge of the aperture. Owing to the symmetry in 
rand 4, of the right-hand side of (2.14) we find, with (2.13), the reciprocity 
Gelation 


(2.15) A,(%+ 9, 6)=A,(a +9, 5p), 


which also follows directly from a theorem due to H. A. Lorentz. 
Dividing (2.14) by A,(x+ 6, 6)A,(x +0, 9) and inverting, we find 


A,(%+ 05, 0) = A;(x+8, 65) = 


k? cos 6 cos 6 [ p(6; x) exp (ikx sin 65) dx [ ~(0); x’) exp (éka’ sin 0) da’ 
A A 


J dar J [K?p(G; x) (893 x’) —{09(B; x) /Dar} Dp(Oq; w')/Da’}] Ga, x!) dar! * 
A A 
It can be shown that the right-hand side of (2.16) is stationary with 
respect to independent variations of g(6;«) and (4); x’) about their 
correct values following from the differential-integral equation (2.07) 
(or its equivalent (2.09)); only those variations which satisfy the condition 
y=0 at the edge of the aperture are admissible. For the analogous expres- 
sion in three-dimensional scalar diffraction theory, see BouwKamp [5]. 
In the second place we consider the case of perpendicular polarization. 
The incident wave is then given by 


(7) (w/e) =(0, ui; 0), shE'=(dui/oz, 0, —dut/dz), 


with the corresponding total field 

(2.18) (uje)'H=(0, u,, 0), tkE=(du,/dz, 0, — duo/ ox). 

The wave function uw, can be written in the following form [4]: 

(2.19) oe z)=ui(a, z)+ui(x, —z)— q(t, —2), when z<0,, 
Ud 2) —=O7(\0.2), when z>0. 
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In (2.19) the function (x, z), defined for z> 0, has to satisfy: the two- 
dimensional wave equation 
(2.20) 075 [da 2 d2q—/? \22 us ky, = 0. 


the boundary condition dg/dz=0 on Y, Sommerfeld’s radiation condition 
at infinity and the edge condition ¢,(#, z)=-O(D~*) in the neighbourhood 
of a sharp edge, if D denotes the distance from the edge. In virtue of the 
variational principle for the polarization under consideration, we choose 
for gy, a representation which expresses g, in the value of d%9/dz in the 
aperture, viz. 


(2.21) g(%, z)= —H J p(x’) [k{(a—a ‘24 2 da’, 

4 
where p(x’) = [du(x’, 2’)/dz'],,-p- The continuity of uw, in the aperture leads 
to the following (pure) integral equation 
(2.22) ui(x, 0)= —2 J y(x’)G(x, x’)dz', 

A 

if « € A, in which G(x, 2’) is given by (2.08). For plane-wave excitation, 
(2.23) ui(x, z)=exp [tk(a sin 9)+2 cos 4 )], 
the left-hand side of (2.22) reads 
(2.24) ui(w, 0) =exp (ike sin 49). 


Inserting in (2.21) the asymptotic expansion of the Hankel function, 
we obtain for the far-zone diffracted field 


(228) P(x, 2) ~ Ag(O, O9)(StkR)~! exp (ikR + iz/4), 
with 
(2.26) A,(8, 69) = —2 ay y(0 ) exp (—tke’ sin 6)d2’, 


where (9); 2’) denotes the aperture distribution due to an incident plane 
wave travelling in the direction 6). Multiplying through in (2.22) with 
wy(9; x), using (2.24) and integrating over the aperture, we obtain 


(2.27) f w(0; x) exp (tke sin 0,)da= —2 Phe J y(O; x) G(x, x") p(O9; x’ )dax’ 
A 


A 


In this case, too, we have the reciprocity relation 

(2.28) A,(27+65, 0) = A,(z +, 6,). 

Dividing (2.27) by A,(2+ 6, 0)A,(a 4-0, 09) and inverting, we find 
A,(x%+ 65, 0) = A,(2+, 05) = 

(2.29) Jv; x) exp (ikzx sin 09) bao f ¥(0 o3 2’) exp (ike! sin 0) dar’ 


J dxf p(O;x ror =! )iap( O53 2a!) aan’ 
A A 


It can be shown that the right-hand side of (2.29) is stationary with 
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respect to independent variations of y(6;x) and w(99; x’) about their 
correct values following from the integral equation (2.22); in this case 
the variations are not restricted by a condition at the edge of the aperture. 
For the analogous expression in three-dimensional scalar diffraction 


theory, see BouwKamp [6]. 


3. The transmission cross-section 


The transmission cross-section is defined as the ratio of the average 
power transmitted through the aperture to the average incident power 
per unit area normal to the direction of propagation of the incident 
wave. The average transmitted power for parallel polarization is given by 


(3.01) P, =} Re(t/w) f u[out/dz'],,-. dx’, 


A 
where the asterisk denotes the complex conjugate quantity. However, 
from (2.03), we have 
(3.02) [0% /02" ],,-9= [du /d2' ],,-9 = tk cos 9 exp (tkw’ sin 6), 
if 2’ € A. Hence, eq. (3.01) can be rewritten as 
(3.03) P,= — (4m) Im A,(4,, 95). 
In the case of perpendicular polarization the average transmitted power is 


3.04 Py =+4 Re(i/wp) f uz [dug/dz’],,-5 dx’. 
2 (ey 2 2 0 


A 
In this case, from (2.19), we have 
(3.05) ux’, 0) =u, (x, 0) exp (tkx’ sin 0,), 
if xe A. Hence, eq. (3.04) can be rewritten as 
(3.06) P, = — (4a)! Im A,(Bp, 65). 
For both polarizations the average incident power per unit area normal 
to the direction of propagation of the incident plane wave is 
(3.07) P= tel)’. 


From (3.03), (3.06) and (3.07) the transmission cross-section turns out to be 
1 
(3.08) 94,2(99) = — 6 Im A, 2(9p, 9). 


A stationary expression for o,, can be obtained by using the stationary 
expression for A, 4(9, 99) which follows from either (2.16) or (2.29). The 
relation (3.08) is analogous to the one in three-dimensional scalar dif- 
fraction theory; see LEVINE and SCHWINGER [7] and BouwKkamp [8]. 


4. Diffraction by a slit. Polarization parallel to the edge of the slit 

The variational formulation will now be applied to the diffraction of 
a plane wave by an infinite slit located at z=0, —b<a<b. For parallel 
polarization, the relevant aperture distribution g(x) = u(x, 0) will 
be expanded in terms of the eigenfunctions of Laplace’s equation 
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in the coordinates of the elliptic cylinder, viz. cos [n aresin («/b)] and 
sin [n aresin (#/b)]. This expansion is adapted to diffraction by narrow 
slits, as Laplace’s equation is the limiting form of the wave equation for 
kb > 0. In view of the boundary condition at the screen there results 


(99; €) = > {don41 008 [(2n + 1) aresin (x/b)] + 


n=0, 


(4.01) 
+ dds, sin [2n aresin (2/b)]}, 


where the coefficients a, are independent of x and the factor 7 in the 
second summation is added for convenience. It may be remarked that 
each term of the expansion (4.01) satisfies the edge condition. As the 
variational formulation will only be used to obtain the exact solution, 
it will be sufficient to require the expression for, e.g., A(9, 9) to be 
stationary. From (2.16) it is clear that for this special choice the aperture 
distributions g(6); 7) and g(a+6); x) are needed; however, in virtue of 
the symmetry of the configuration, we have: g(2+ 6; x)= 9(%: —#). 
The stationary expression for A,(, 09) now reads 


A, (9p, Oo) = 
b b 
(4.02) k? cos? aA 7(9); x) exp (— ikax sin 65) dx J g(9,; — x’) exp (ikx' sin 69) da’ 
rake b , 
J dae f [2p (895 &) p(8y 3 —2') —{DpP(Oq; x)/dx} {OA 3 —2')/ da" }] G(x, ac’)da' 
TF =e 


Using the expansion (4.01) and a well-known integral representation of 
the Bessel function of the first kind, we obtain 


b fo] 
(4.03) ff (09; x) exp (—tkx sin 69) dx = (x/k sin 6) ¥ na, J,(kb sin 6). 
=0 n=1 


In a similar way the denominator of (4.02) is reduced to 


b b 


J da f [k?qp(O9; x) (89; — 2x") — {dp(By; x)/dx} {d(O9;— x’) /dx’}] G(x, x’) dz’ 


£0d ey - 


= —(n/4) J A-*02—R)' |S na, Jq(Ab)]? dA, 


—oo n=1 


where we have used the integral representation 


(4.05) H@(k|a—2"|) = (ai)? f (42—k®)-* exp [—id(x—2')] da. 

The square roots in (4.04) and (4.05) are defined as (A?—k?)'> 0 if |A|>k 
and (A?—k*®)*= —i(k®—2?)*, with (k®?—A2)'>0, if |A|<k, (Areal). If we 
substitute 


(4.06) Cy = Ny, 
and 
(4.07) Onn = Inm = — 4 J A-2(A2—K?)* J,,(Ab) J,(Ab) da, 


= 606 
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eq. (4.02) can be rewritten as 
zt Cot? 6, [ > Cn I n(kb sin 65) |? 
11 


(4.08) As Oj.e)) = > 
$ > > Amn Cm Cn 


m=1n=1 


Let us now apply independent first-order variations dc, to the correct 
values of c,. In view of the stationary character of (4.08), the condition 
04,=0 leads to the following set of linear equations in Cae 


co 


(4.09) A,(8,, 95) 2d dn n Cn = 20 Cot? Oy J,,(kb sin 65) ) 2% J,(kb sin 6p), 
? - (iv Oe 


On the other hand, from the non-stationary expression (2.13), we have 


(4.10) A,(8o, 99) = — 2st cot 8) > ¢, J,(kb sin 6,). 
n=1 
Combining (4.09) and (4.10), we obtain 
(4.11) oa m,n Cn = 1 COt Oy) J,,(kb sin 6,), Gio Ne 


Now, from (4.07), it is clear that d,,,,=0 if m+n is odd; hence, the system 
of equations (4.11) breaks down into two independent systems of equations, 
viz. 


4.12 is on+1 Conti = 4 COt Oy Jam 44(kb sin Oo), (9 = OF 1.25 v0s) 
m+1,2n-+1 n+ Sie 


(4.13) > Cy, on Cy, =?) COL 05.) 5,e) sim O,), (i= 1, 253, <..): 
n=1 


These systems of equations show properties which are very similar to 
those of the analogous system of equations encountered in the variational 
formulation of the scalar diffraction by a circular aperture [9]. Using 
the power-series expansion of the Bessel function of the first kind and 
expanding [10] d,,,, in series of powers of kb the coefficients of which 
contain log kb, we arrive at the following results: 


a, = Cc, = — ikb cos 6, [1- 7 (P— z+ 5 sin? Op) (kb)? + 
RB : ee 
+ 7g (0° — GP +5 P sin? Bp + 7g — 3 sin? Oy + 


+ zy aint 6g) (kb)¢ +... J, 
(4.14) 


pa (kb)? cos 6, [ 1+ 2 sin? 69 + 
Sea (tb)? +... ], 
1 
Oso wis i(kb)> cos 65 [1 + 5 sin’ 65 +; sin! 69+. le 
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and 
‘ J ae > 
eo : C= — : i(kb)? cos 64 sin 45 [1 eae (1 — sin? 65) (kb)? + oa c 
(4.15) ; . 
O,= 7% = — 564 i(kb)* cos 9, sin 9) [1 + 2 sin? 4) + ...], 


in which p-log (ykb/4)—2i/2 and log y=0.577215... (Euler's constant). 
All other coefficients a, contain only powers of kb higher than the fifth. 
To the same order of accuracy the complex amplitude of the far-zone 
diffracted field is given by 


A,(9, Oo) = 
3 song : : 
= —2(kb)? cos 0, cos 6 [1 - : | 2p — 5+ sin? 6) — sin 9) sin 8 + 

+ sin? 6| (kb)? po (ge? pa ae sin? 0) + + 

ee BN SE oe ee eee 
(4.16) Vea Ice ee ats ok 

— 3 sin’ 9) + 75 sin 69 + % (1 — sin® 6) sin 5 sin 8 + 

ee eg ; ‘ 
+ : (p oes ta 3 sin® 00) sin? § — ; sin 4 sin? 6 + 


ee eens | cea oF 
| + Te sin DY (kb)* 4 
The corresponding transmission coefficient t,, which is defined as the 
ratio of the average power transmitted through the aperture to the 
average power transmitted through the aperture in the sense of geometrical 
optics, can be determined from 


] x/2 


(4.17) Ty 


~ 16 akb cos 65 J. A, (6, Oo) i do. 


As a check on the calculations the relation 


(4.18) %= Im A,(99, 9), 


] 
~ 4kb cos 8, 
which follows from (3.08), may be used. The result is found to be 


__ 2°(kb)8 cos 64 l 


! 5 oe 
m= 32 [1 +5 — log (ykb/4) + 5 — 5 sin? 60| (kb)? + 


(4.19) ¢ 1 3 log? (ykb/4) — ; log (ykb/4) + 2 sin? 0, log (ykb/4) + 


7 1 ae Dos 
See Bea cf RAY 
a 16 Sin® 4 + zy sin 8 | (kb) om 
For normal incidence, 6)=0, our results (4.14), (4.15), (4.16) and (4.19) 
agree with those of Bouwkamp [2] and MULLER and WesTpFAHL [3]. 


5. Diffraction by a slit. Polarization perpendicular to the edge of the slit 


For perpendicular polarization the expansion of the relevant aperture 
distribution (x), which follows from separation of variables in Laplace’s 
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equation in the coordinates of the elliptic cylinder and the boundary 
condition at the screen, reads 


( (0:2) = ¥ fc, So2L2naresin (0) 


(5.01) r= | “20 (1—22/62)3 
/ Te 6) sin [(2n +1) aresin (2/b) } 
\ ! Qn+1 Te? x? /2)4 3 


In this case, too, each term of the expansion (5.01) satisfies the edge 
condition. The stationary expression for 4 2(9, 99) becomes 


b 
Ju (4; 2) exp (— tka sin 65) dx i p(9); —2x') exp (ke! sin 0) da! 
‘ = 
(5.02) A,(A, 0 o) = ; = ’ 
J dx f p(0); x) G(x, x’) (99; — x’) da! 
=D —b 


where we used the relation p(%+ 65; x)=y(0,;—x). With the expansion 
(5.01) we obtain 

b co 
(5.03) J (99; 2) exp (—ikex sin 9) dx = ab > C,, J,(kb sin One 

=0 n=0 
In a similar way the denominator of (5.02) is reduced to 

[B b 

\ J dx f (69; x) G(x, x’) yp(95; —2’) dx’ = 
(5.04) =e _ 
/ = (xb*/4) f (22@— 22) ioe J,(Ab) |? da, 


where we have used the integral representation (4.05). The square root 
in the right-hand side of (5.04) is defined in the same way as in section 4. 
If we make the substitution 


(5.05) LS, = ae a ae 4 ih (7 —k? ie * I n(Ab) J, (Ab) dA, 


me. °) 
eq. (5.02) can be rewritten as 
le. ¢) 
2a [ > CnJn(kb sin 6,) ]? 


m,n (hy Gy, 


iMé 
Me 
& 


ae independent first-order variations dC, to the correct values of 
C,, the condition 6A,=0 leads to the following system of linear equations 
shin Oper 
(5.07) As(9, 99) © Dnin Cn = — 20 J,,(kb sin 8,) ye n(Kb sin 95), 
ie (m = 0,1, 2, ...). 
On the other hand, from the non-stationary expression (2.26), we have 


(5.08) A,(9, 99) = — 2xb > C,, J, (kb sin 0,). 


n=0 
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Combining (5.07) and (5.08), we obtain 
(5.09) > Davee = I m( kb sin 99), (naiee'O, 1; Dy ces): 


From (5.05) it is clear that D,,,=0 if m+n is odd; hence, eq. (5.09) 
breaks down into two independent systems of linear equations, viz. 


(5.10) SY Damon Con = + Jom{kb sin 85), (m= 0,1, 2, ...), 


(5.11) S Denerienrs Contig Jamia(h aint), (= 0,3, 2) 22). 
The properties of these systems of equations are similar to those of the 
corresponding systems of equations of section 4. Using the power-series 
expansion of the Bessel function of the first kind and expanding [10] 
Dy.» in series of powers of kb the coefficients of which contain log kb, 
we arrive at the following results: 


bCy= 5 +z (1- sin? By) (kb)? + 


4 sin 6) — (1—2sin? 9.) | (&b)* + 


(5.12) (60, =5 (= +1—2 sin? 6) (kb)® (1 — sin? 6,) + 


‘mae 
| 32p 


— = (1+ sin? 6, — 2 sin 6.) | (kb)* + 


48 “* 
y 1 1 4 i ae y os 5 
bC,= 55 - +_ (14 4am 6, — 8 sin4 60) | (kb)4# + ..., 
and 
(50, = — kb sin 6) [1 + ‘ | p ae ; sin® 6, | (kb)? +- ome 
(5.13) : nse | 


fear il 
/ bC, = is (kb)8 sin 6, [1 — 2 sin? 6) + ...], 


in which p has the same meaning as in section 4. All other coefficients 
C’, contain only powers of kb higher than the fourth. To the same order of 
accuracy the complex amplitude of the far-zone diffracted field is given by 


A (0,.0,) = 
=— 27 E + Li (1— sin? 6,) — mak 6) sin 6 — e sin® 6| (kb)? 
— gq (1 — 2 sin? 4)) oe 6) Aeon 00) sin 6 + 


1 : 1 te. 4 
+ (~ gap + rep Sin? + 35 — zy sin® 6) sin? 9 + 


IDE 
+ 7g sin 69 sin’ 6 + gap sin’ 6| (kb)* + it 
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The corresponding transmission coefficient T, can be determined from 


7/2 
(5.15) i J 


2 Tenkb cosdy _!  |As(9, 60)? 


As a check on the calculations the relation 


(5.16) - 


2a: Tass, Im A 2(9o, 49); 


which follows from (3.08), may be used. The result is found to be 


7c i hoe Gee 
| "> s[pFabeone, 1+ [q— 3 sin® Oo} (kb) 
: eae tee ia 3 
(5.17) \ * lone oc Reg + (5 =) sin? 6) + 
3 
+ gy sin? 69] (kd)¢ + ...], 


with |p|? =log?(ykb/4) + 2/4 and Re(1/p) =log (ykb/4) [log?(ykb/4) + 22/4]-. 
For normal incidence our results (5.12), (5.13), (5.14) and (5.17) agree 
with those of Bouwkamp [2] and Mitner and Wrsrrran. aE 
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CHEMISTRY 


THE CRYSTAL STRUCTURE OF N(C,H;),I, 
BY 


E. E. HAVINGA anv E. H. WIEBENGA 


(Communicated by Prof. J. M. Bisvorr at the meeting of June 25, 1955) 


Crystals of N(C,H,),I, were prepared by the method of GEUTHER [1]. 
X-ray photographs showed them to be orthorhombic. No pyroelectric 
effect was observed. With ACuKa=1.5418 A, the following values for 


1 


the lattice constants at 20°C were obtained: 


a=11,50 (+ 0,04) A 


b= 15,66 (+ 0,05) A 
c= 12,37 (+ 0.04) A 


With four N(C,H;),I, per unit cell the density was calculated to be 
3.04 (+ 0,03) gr em~*, the experimental value, measured volumetrically 
in air is 3.08 (+ 0,12) gr em~*. The systematic absences are those required 
by the space groups Aba2 or Abam. 

The intensities of the hOl, hkO and Okl retlexions were measured on 
integrated multiple film WerIssENBERG photographs [2], the very weak 
reflexions were estimated visually on ordinary WEISSENBERG photographs 
of long exposure time. The photographs used for the intensity measure- 
ments, were taken with Zr filtered Mo radiation using very small crystals. 
A correction for absorption had to be applied for the Okl reflexions only. 
The number of structure factors obtained was 143. These were placed 
approximately on the absolute scale by the method of WiLson [3]. 

In the [001] projection, which is centrosymmetrical in either of the 
two possible space groups, the signs of 28 structure factors could be deter- 
mined from HarkKER-KASPER inequalities [4], following GRIsON’s scheme 
[5]. These were sufficient to compute a first Fourier synthesis of the [001] 
projection, from which the approximate coordinates of the iodine atoms 
could be deduced. It appeared that in the [001] projection four iodine 
atoms (I,) were located on a fourfold position and eight iodine atoms (I,) 
on an eightfold position. The remaining sixteen iodine atoms (I;) occupied 
one eightfold position twice. This was an indication for the presence of a 
plane of symmetry perpendicular to the c-axis and made it likely that 
the crystals belong to the centrosymmetrical space group Abam. In this 
space group the only remaining unknown iodine parameter was the 
z-coordinate of atom I,. This coordinate could easily be determined by 
trial and error. 

The coordinates were then refined by consecutive Fourier syntheses 
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of the three projections and corrected for the termination of the series 
by the backshift method of Boor [6]. 
The final coordinates of the iodine atoms are: 


x Y z 
I, on a fourfold position 0 0 0 
I, on an eightfold position 0,926 0,178 0 
I, on a sixteenfold position 0,157 0,193 0,179 


With these coordinates of the iodine atoms and neglecting the contri- 
bution of the N(C,H;); ion, the value of the disagreement index R was 
calculated to be 0.110, introducing a temperature factor exp [—5.2 
sin? 6/27] in the calculated structure factors. 

In the space group Abam the N(C,H;){ ion must be statistically dis- 
tributed over at least two different orientations; the nitrogen atom must 
be located on the fourfold position x=0; y=0; z=0,500 since the other 
fourfold position is occupied by iodine atoms. (F,—F,) syntheses showed 
this position of the nitrogen atom to be correct and gave also some indi- 
cation of the position of the carbon atoms. A model of the N(C,H;)} ion, 
involving the most probable bond distances and angles, was fitted on to 
the (F,—F,) syntheses in two orientations. When the contribution of 
this N(C,H,;); ion was included in the calculated structure factors the 
value of the disagreement index decreased from 0.110 to 0.078. Since, 
however, the peaks in the (F,— F) syntheses, indicating the positions of 
the carbon atoms, were hardly higher than the peaks to be expected 
statistically from the inaccuracies of the observed structure factors, the 
positions of the carbon atoms are very uncertain. The alternative space 
group Aba2, in which no statistical disorder in the orientation of the 


N(C,H;)7 ion is required, could not even be excluded. 


Discussion of the structure 


From the coordinates of the iodine atoms no evidence is obtained for 
the existence of an I; ion. The structure consists of I; ions and I, mole- 
cules, leaving large holes for the N(C,H,)j ions, and is consequently best 
described by the formula N(C,H;),I,.21,. The distance between the iodine 
atoms in the I, molecules is 2.76 A with a standard deviation of approxi- 
nately 0,03 A and is not significantly different from the distance (2,68 A) 
observed in solid iodine [7, 8]. The shortest intermolecular distance 
between I, and I; is 3.47 A and does not indicate a special interaction 
between these particles, since it is hardly smaller than the intermolecular 
I—I distance in solid iodine, which amounts to 3.56 A. 

It is interesting that in either of the space groups Abam or Aba2 the 
I; ions, being formed by the atoms |, in a fourfold position and the atoms 
I, in an eightfold position, must be symmetrical. In Abam they must be 
linear in addition to this. The observed I—I distance in the I; ions is 
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2.91 A with a standard deviation of 0,02 A, whereas there was no reason 
to assume a deviation from linearity. This shape of the Iy ion is not in 
agreement with the shape observed in other compounds containing I; 
ions. In CsI, [9, 10] as well as in CsI, [11] an asymmetric non linear 
I ion is observed in which the two I—I distances show a difference of 
approximately 0,2 A and in which the I—I—I valence angle shows a 
deviation from linearity of 3° or 4°. 

It is possible to remove this discrepancy by assuming that in 
N(C,H;)4l3-2f2, asymmetric I; ions, of the dimensions as observed in 
CsI, or Cs,[,, are statistically distributed over two orientations differing 
by 180°, since the average (2.92 A) of the two I—I distances in the asym- 
metric ion is in perfect agreement with the value observed in N(C,H,),Ig. 21y. 
It was attempted to obtain an indication of such an average structure 
from the (F,—F,) syntheses maps, but unfortunately the effect to be 
expected appeared to be of the same order of magnitude as the irregu- 
larities in the difference maps due to the experimental errors in the ob- 
served structure factors. 

Attempts will be made to decide on the possibility of an average 
structure by computing a three-dimensional Fourier synthesis, making 
use of the reflexion intensities from a crystal at a low temperature. It is 
hoped that in this way also the positions of the carbon atoms may be 
established. 


Our thanks are due to Theodorus Niemeier N.V. for putting their 
I.B.M. equipment generously at our disposal and to Miss G. E. VELDMAN 
and Mr. M. R. vaAN DER VELDE for their assistance in operating these 
machines. 

(Laboratorium voor anorganische en physische chemire 
der Rijks Universiteit, Groningen, The Netherlands) 
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PALEONTOLOGY 


REMARKS ON CYCLOCLYPEUS 
I 


BY 


C. W. DROOGER 


(Communicated by Prof. G. H. R. von KoEntGswaLp at the meeting of Sept. 24, 1955) 


AgssTract. No predominance of the elementary species of Tan Stn Hoxk could 
be found among numerous Cycloclypeus individuals from eastern Borneo. In each 
sample representatives of but a single fossil population are thought to be present. 
On the basis of internal morphology two different groups are clearly distinguishable 
among them. They are considered to represent micro- and macrospheric generations. 


INTRODUCTION 


In 1932 Tan Sty Hox published his outstanding monograph ‘On the 
genus Cycloclypeus Carpenter”. It has since been duly considered as a 
sound basis, both for classification and for stratigraphic succession of the 
Cycloclypei. TANn’s paper met with little criticism and hardly any funda- 
mental addition was made during subsequent years. No doubt this is 
partly due to the thoroughness of his treatment. However, curiously 
enough one remarkable point of his work received hardly any attention, 
namely the peculiar kind of variation in the populations and the conse- 
quent saltation theory for the phylogenetic development of Cycloclypeus. 

For most of Tan’s samples the countings of nepionic chambers yielded 
a predominance of a restricted number of values, whereas values in 
between were but scarcely represented. As a consequence, he assumed 
that within the fossil populations there existed a number of “elementary 
species’, each of which had a unimodal frequency distribution for the 
variant: number of nepionic chambers. Both in his tables and in his 
frequency polygons these critical values are distinctly prominent. Further- 
more, TAN demonstrated that in the course of time the elementary 
species of the Oligocene, with 32, 30, 27 and 24 nepionic chambers had 
been gradually replaced by others with lower numbers of such chambers, 
down to 6 and 4 in Pliocene and Quaternary deposits; hence his saltation 
concept. 

In later years CosisN was the only one who made a detailed investigation 
into Cycloclypeus populations, this time from Spain. This author could 
not establish predominance of any elementary species. However, because 
of the great distance between Indonesia and Spain, a genetical difference 
between superficially resembling populations might be considered respon- 


sible for these diverging observations. 
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There was no possibility to look through TAn’s original material for 
checking the rare kind of intrapopulational variation that he had found. 

So, I feel greatly indebted to the N.V. Bataafsche Petroleum Maat- 
schapptj (Royal Dutch|Shell Group) for the generous gift of a number of 
Cycloclypeus bearing samples from eastern Borneo, and for the authori- 
zation to publish the results of this investigation. Furthermore, I wish 
to acknowledge my thanks to Mr. P. Meysoom and Mr. J. E. van HintE 
(Utrecht) for their valuable help in the preparation of many of the thin- 
sections, to Mr. D. A. J. Batses (Utrecht) for the gathering of a set of 
independent counts, to Mr. F. K. Barenpse (Utrecht) for his camera- 
lucida drawings. 


AGE AND ACCOMPANYING FAUNA 


Especially one of the samples, Mo 83 from the Sungei Tengin, some 
40 km North of Balikpapan, yielded numerous Cycloclypeus individuals. 
This sample is a red-brown, ferruginous, marly clay with numerous 
Foraminifera and a few fragments of indurated, sandy material. The 
age is considered to be Tertiary f, of the stratigraphic scale founded by 
VAN DER VLERK and UmpaGrove (1927) for the western Pacific area. 
According to MoHLER (1949) this stratigraphic unit would be equivalent 
to the European Burdigalian. 

The Cycloclypei of Mo 83 belong to the Cycloclypeus eidae group. They 
are accompanied by numerous Lepidocyclina of the group of L. ferrerot 


Maridan 


Selimbung 


Bol439b _ 


BAL/K PAPAN 


|Transition 


Fig. 1. Location of the sampled sections on a sketch-map of the Balikpapan 
area, eastern Borneo. Seale 1: 750,000 
Fig. 2. Stratigraphic position of the Cycloclypeus bearing samples. Scale 1 : 30,000 
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PROVALE, a few Miogypsina, approximately M. thecidaeformis (RUTTEN), 
some Austrotrillina howchini (SCHLUMBERGER) and unidentified repre- 
sentatives of Operculina and Heterostegina. Identical Miogypsinae were 
found in sample Mo 195 at a somewhat higher level of the Tertiary f, of 
Sungei Tengin. In Europe the closely related M. irregularis (MicHELOTTI) 
is a Burdigalian species, which fact in our opinion strengthens MonLER’s 
correlation of the Tertiary f,. 

Smaller numbers of Cycloclypeus specimens of samples Bo 1439b and 
Mo 48a could also be sectioned. Bo 1439b, older than Mo 83, was taken 
from the basal Tertiary f, along the Sungei Selimbung, tributary of the 
Sungei Riko, some 25 km WNW of Balikpapan. Mo 48a, about middle 
Tertiary f,, considered to be from a somewhat higher stratigraphic level 
than Mo 83, comes from the Sungei Maridan, some 25 km NW of Balik- 
papan. 

Unless stated otherwise, only the details of the individuals from Mo 83 
are given in the following description and discussion. 


EXTERNAL CHARACTERS 


The numerous Cycloclypei of Mo 83 are widely variable in external 
appearance. At, or very close to their centre they have a swelling, the 
umbo, which is surrounded by a flattened brim with circular outline. 
Most individuals have large parts of the brim broken off. The diameter 
of unbroken individuals is estimated to range up to 9 mm; of all individuals 
the distance from the centre of the umbo to the farthest point of the 
periphery, was measured (f). The diameter of the umbo ranges from 
about 0.3 mm up to about 1.6 mm. The thickness of the umbo is, on an 
average, about half its diameter. Mostly the umbo is more protruding on 
one side of the test than on the other. The brim is extremely variable 
in width; its thickness varies from papery thin (about 0.1 mm) to very 
thick (about 0.5 mm). In transverse sections the compact side walls are 
seen to consist of thin, but indistinct, layers, in some places with vertical 
structures perpendicular to the outer surface. The height of the layer of 
median chambers is fairly constant, varying from 30 ~ to 60 w in internal 
diameter. 

Individuals with small umbos and thin brims are the most common, 
but there is a complete gradation to less frequent specimens with large 
umbos, which often also have thicker brims. The surface of most specimens 
is ornamented with pustules, which are thickest on the umbo, irregularly 
or sometimes spirally arranged on and near the umbo and mostly in con- 
centric rows on the brim, where they are situated at the junction of the 
walls of chambers and chamberlets. There is complete gradation to 
entirely smooth surfaces, which are most commonly found on thinner 
brims and on very thick individuals. 

Some of the specimens, with different umbo sizes, have faint, irregularly 
circular undulations in the brim, usually only one and often close to the 
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umbo. These undulations are slight attenuations of the brim, each one 
corresponding to one stage of individual growth. No distinct thickenings 
(annuli) of the brim were observed. 

Notwithstanding the wide range of variation in the external features 
of the test, none of them can be used for a clear separation into two or 
more groups of individuals. Owing to lack of evidence of reworking in 
the fauna of Mo 83, it is considered likely that all or most of our Cyclo- 
clypei belonged to a single population. 

The very wide range of variation in thickness of the test is probably 
due to environmental influences during life, analogous to those concluded 
for Miogypsina. It was observed among representatives of the latter genus 
from southwestern France, that contemporaneous specimens differed 
according to their environment. Those from more turbulent water had 
built more solid tests than the individuals from quieter water (DROOGER, 
1955, pp. 33, 34). Correspondingly, the thick Cycloclypei from Mo 83 
might have been transported from more turbulent water into the quieter 
environment of the thinner individuals. Two observations favour this 
viewpont. Thick-shelled specimens nearly always have broken flanges, 
whereas a complete brim is more commonly found among the thin 
individuals. Furthermore, several specimens were found with a thick 
centre and distinctly broken edges. Around this centre regeneration had 
formed a papery thin brim. As a result there is an abrupt break in the 
surface along the former broken edges (fig. 3). 


INTERNAL CHARACTERS 


Horizontal thin-sections were made of nearly 300 specimens from 
Mo 83. A spherical protoconch and a kidney-shaped deuteroconch are 
situated at or near the centre of the median layer (fig. 4). These embryonic 
chambers are followed by a spiral of nepionic chambers. The early ones 
(usually only one) are not subdivided into chamberlets (operculinid 
chambers, TAN’s ana-nepionic stage). The later ones are subdivided by 
an increasing number of transverse septa (heterosteginoid chambers). 
The chamberlet adjoining the previous whorl, is called the apertural 
chamberlet. The later heterosteginoidal chambers commonly continue 
some distance backwards over the outer ends of the earlier chambers 
(TAN’s para-nepionic stage). The neanic stage begins with the first chamber 
that continues into the direction of coiling along the previous whorl; as a 
consequence there is no apertural chamberlet. This and following chambers 
mostly encircle the entire earlier part of the test (neanic, cycloclypean or 
cyclic chambers). 

One specimen deserves special mention; it shows reversal of the 
direction of coiling after the fifteenth nepionic chamber (fig. 6). 

The cavities of the chambers in our material are filled up with calcareous 
and more or less ferruginous material. Observations, especially those 
on the number of nepionic chambers, are often hampered or even im- 
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possible by recrystallisation of the calcareous matter, irregular bodies 
of ferruginous material, too much curvature of the median layer, and 
regeneration (fig. 5). These factors are most embarrassing with regard to 
the individuals with the greater numbers of nepionic chambers. Because 
of their indistinctness, stolons were of little help in delimiting the onto- 
genetic stages. 


Fig. 3. External view of a thick, large-umbo specimen with broken edges around 
which regeneration has formed a very thin flange without pustules. 20 x 


Fig. 4. Horizontal section of a macrospheric specimen. 40 x. I protoconch, 
II deuteroconch, 1—7 nepionic chambers, 1 ana-nepionic stage, 6 and 7 para- 
nepionic stage, 8 first chamber of the neanic stage 


Fig. 5. Horizontal section of a specimen with regeneration that obscures part 
of the nepionic stage. 40 
Fig. 6. Horizontal section of a microspheric specimen with six chambers in the 
ana-nepionic stage and with reversal of the direction of coiling after the 15th 
nepionic chamber. 40 » 


In nearly all individuals the diameter of the protoconch (D) could be 
correctly measured (parallel to the longer axis of the deuteroconch and 
with half of the thickness of the wall included). The number of oper- 
culinid chambers was counted (a). Especially if there were more than 
one of them, it often turned out to be very difficult to distinguish among 
the very small chambers the first one of heterosteginoid character (with 
but one transverse septum). 

Also the number of nepionic (operculinid + heterosteginoid) chambers 
was counted (X). As had been done by Tan Stn Hok, nepionic chambers 
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Fig. 7. Histogram for the number of nepionic chambers (X) of 279 Cycloclypeus 
specimens from Mo 83. The cross-hatched part is for the 139 specimens of the 
first category 
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Fig. 8. Histogram for the number of nepionie chambers (X) of all (230) indi- 
viduals of Cycloclypeus eidae and C. posteidae of TAN Stn Hox’s collection (1932, 
p. 49-61). Tan’s elementary species have been striated 
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were counted only if they possessed an apertural chamberlet. Thus inter- 
polated chambers, which do not touch the previous whorl at their inner 
ends and which are of frequent occurrence, were left out. Irregularities 
in size of the successive nepionic chambers occur frequently, though 
usually without consequences for the X counts. 

To each observation of X a qualitative mark was added, indicating 
a relative degree of certainty of the count. The observations were not 
worked out, but put aside, and counting was repeated after a lapse of 
some three months. 

For comparison with Tan’s samples only fully reliable specimens could 
be used. So specimens which did not give the same X value in both 
countings were discarded. The qualitative marks enabled further deletion 
of specimens, where identical counts might have been the result of random 
guessing. As a result, altogether 139 individuals out of 281 were left over 
(first category of X; see fig. 7). 

For a further estimate of personal bias an independent set of countings 
by a second person was desirable. Mr. D. A. J. Barsus, an experienced 
student in micropaleontology, but unfamiliar with Cycloclypeus and its 
problems, was found willing to make such a set for the 139 first category 
specimens. Over 80 per cent of his counts agreed with our own observations, 
while the divergencies in the others appeared to be unsystematic. As a 
consequence, it is considered justified to use our own observations only. 

Although they cannot be used for the comparison with Tan’s data, the 
discarded specimens (second category) are still good enough for some 
other conclusions, where the inexact X values (average difference of X 
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Fig. 9. Histogram for the diameter of the protoconch (D) of 281 Cycloclypeus 
individuals from Mo 83. Classes comprise a range of 20 mu each 
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in both countings 1.2) are of no importance. They have been entered in 
figs. 7 and 10. Their X values were established after the highest qualitative 
mark of both countings. 

No attempt was made to use the ontogenetic point, where the para- 
nepionic stage begins. It appeared to be a very arbitrary point because 
of the great variability in appearance of the later nepionic chambers, 
especially at their outer ends. Furthermore there would be no opportunity 
to compare our results with Tan’s data. 

D appears to vary from 20 u to 360 u (fig. 9); X from 3 (or 2) to 26 
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Fig. 10. Scatter diagram of the relation between the number of nepionic chambers 

(X) and the diameter of the protoconch (D) of 279 Cycloclypeus individuals Gice 

Mo 83. If different from the value 1, the number of ana-nepionic chambers (a) 
has been entered for the microspheric specimens 
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(or 28). The frequency distributions of both variates are distinctly bimodal. 
Nearly all the individuals of one of the unimodal parts of the X curve 
recur together in one of the two parts of the D curve. This may be seen 
from the scatter diagram in fig. 10. X and D are fairly well correlated; 
individuals with a small protoconch have a high number of nepionic 
chambers, whereas a large protoconch goes with a low value of X. 
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Fig. 11. Scatter diagram of the relation between the number of nepionic chamibens 

(X) and the average diameter of the protoconch (D) of the Cycloclypeus individuals 

published by Tan Sin Hox, 1932. Only groups of three and pore specimens per 

sample and per X value have been entered. The names of TAn’s sectios have been 
placed beside the corresponding scatter fields 
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RELATIONS BETWEEN EXTERNAL AND INTERNAL FEATURES 


The scatter diagram of fig. 12 shows the relation between the diameter 
of the protoconch and R, the latter as a measure which is more or less 
proportional to the diameter of the test. Both size groups of the protoconch 
are shown side by side with the dividing limit at about the level of 
D=120 uw. Within each D group there is no distinct correlation between 
D and R. The range of variation of R in the larger protoconch group 
overlaps that of the group with smaller protoconches, but it also contains 
many specimens that in R exceed the extreme variants of the second 
group. Correspondingly, the average value of R in the right hand group 
is distinctly greater than in the group to the left. Since both groups will 
be regarded below as macrospheric and microspheric generations respec- 
tively, this would mean that the average size of microspheric specimens 
is somewhat smaller than that of macrospheric ones. Most R values are 
based on broken specimens, however. This peculiar conclusion therefore 
lacks a sound basis. 

When during the investigation into the internal features the specimens 
appeared to fall into two distinet groups, it was checked whether these 
features were connected with the size of the umbo. Before sectioning, a 
number of individuals was roughly separated into two groups, one with 
large umbos and one with small umbos (dividing limit at approximately 
0.9 mm). Each umbo size group appears to be represented in both X/D 
groups (fig. 13). The relatively greater concentration of large umbo 
specimens between D=120 4 and D=60 4 may be fortuitous. 

Neither could a clear relation be found between these umbo size groups 
and the largest diameter of the nepionice stage (fig. 14). The scatter diagram 
shows only that among the individuals with larger protoconches there 
is a tendency towards greater n values with increasing X. 

Different umbo sizes do certainly not correspond to both X/D groups. 
Their possible other relations might have been obscured by the earlier 
proposed influence of environment, since general thickening of the side. 
walls must also have enlarged the umbo, 
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Fig. 12. Scatter diagram of the relation between the diameter of the protoconch 
(D) and the observed maximal distance between the centre of the umbo and the 
periphery (R) of 281 Cycloclypeus specimens from Mo 83 


There is no evidence from these combinations that the assemblage of 
Mo 83 is heterogeneous, though it must be admitted that our data are 
too few in number to prove that it is homogeneous. If individuals of more 
than one population had been mixed up, they must be so nearly identical 
that a very close relationship may be safely assumed. Since no definite 
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clusters are apparent in the scatter diagrams, possible unrelated specimens 


can only be very few in number. 


Zo ’ 


° small umbo ° 


la e u b 22 2990 
20 + large umbe ‘ 


350 300 250 200 150 100 50 BP ie) 


Fig. 13. Scatter diagram of the relation between the number of nepionic chambers 

(X) and the diameter of the protoconch (D) of 88 Cycloclypeus individuals from 

Mo 83, in which a notation has been added for the relative size of the umbo of 
each specimen. Of specimens between brackets X is unknown 
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Fig. 14. Scatter diagram of the relation between the largest diameter of the 

nepionic stage (v) and the diameter of the protoconch (D) of 76 Cycloclypeus indi- 

viduals from Mo 83. For each specimen have been entered the number of nepionic 

chambers and the notation of relative umbo size as in fig. 13. The average n/D 
value has been plotted for the specimens with X = 3 and 4, ete. 


THE ELEMENTARY SPECIES 


The assumption that our specimens belonged to a single, homogeneous 
population could not be disproved. The majority are so closely related 
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that they must have belonged to one species or Species group. When 
compared with the data of Tan’s species, it is obvious that our histogram 
for X fails to show a predominance of the elementary species, which 
should! ber27024. 21, 19,17, 15: 12; 6 4 and-3 (fig. 7). The smaller peaks 
in the histogram may reasonably be explained by random selecting. 
Moreover they usually do not coincide with the position of Tan’s elemen- 
tary species. The only apparent feature is the bimodality of the frequency 
distribution with a distinct gap at the X value of 10. Tan’s samples of 
the C. eidae group often show the same two groups, though less distinctly. 
The gap in their frequency distribution is in between 6 and 12 of the 
X scale, and the average D values are also about identical with ours. 

In order to find the significance of our deviating data, a chi-square 
test was applied. Use has been made of the comparable range of variation 
of X, found in Tan’s sectio of C. eidae (1932, pp. 49-62). The number of 
specimens in its elementary species (21, 19, 17, 15, 12, 6 and 4) is 130; 
in between there are 100 individuals (fig. 8). The same range of variation 
(21-4) in our sample Mo 83 gave 45 specimens that accord with Tan’s 
elementary species and 75 in between. 

According to the hypothesis that both Tan’s and our Cycloclypei had 
come from populations with identical features of variation, we would 
expect the quantities of individuals at and in between the midpoints 
of the elementary species to be equal for each assemblage group. This 
may be seen from the totals in the following table. The observed numbers 
are thus deviating to a considerable extent and in different directions 
from the expected frequencies. 


| El. species | Not-el. species | Totals 


eroup GC. dae WAN. - . = = | 130 


230 
Cycloclypeus Moi 83 . . . . . - 45 120 
Woy epsH REV aren ie ce, ee ae eee 175 


Applying YATES’ correction we get: 


(45.5 =x 100.5 — 129.5 x 74.5)? x 350 

2 = —____§_| —__—— = 10.7 

230 x 120 x 175 x 175 

There is one degree of freedom, so that P is about 0.001, which is a very 

low level of probability that the difference between expected and observed 

frequencies could be ascribed to chance. The counts of Mr. Batsus gave 

the same results regarding the value of P. Similar, and even more deviating 

results would be obtained if all individuals of Mo 83 or all Tan’s individuals 
were to be used. 

As a result, it may be concluded that the actual data from Mo 83 fit in 
badly with Tan’s frequency distribution of individuals at and in between 
the midpoints of his elementary species. In other words it is very unlikely 
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that our sample comes from a population (with or without admixture of 
related specimens from earlier time levels) with properties of variation 
in X, identical to the total of TaNn’s populations of the sectio of C. ecdae. 
As a consequence, neither his saltation theory in Cycloclypeus can be 
substantiated from our data. All this is all the more remarkable since 
most of Tan’s samples had come from deposits of similar age and an 
area, only somewhat farther North in eastern Borneo. 

Tan’s material was probably hardly different from ours. If we put 
his data of X and average D for each group of three or more individuals 
and for each sample, in a scatter diagram similar to that of our fig. 10, 
we find that his sectios of C. eidae and C. carpentert show the same 
X/D relations as our Cycloclypei (fig. 11). Only the older Javanese sectio 
of C. koolhoveni is distinctly different by the much greater X/D ratios. 
This would favour the assumption of two independent stocks among the 
Indonesian Cycloclypei, a point that was also considered by TAN. 

Our knowledge of Cycloclypeus has become confusing, now that the 
conflicting evidence from Cosisn’s investigation is strengthened by 
similar results on Indonesian representatives of this genus. Tan’s data 
do not harmonize and they should certainly be checked. At present we 
agree with Costsn’s conclusions: “‘It appears viz. that the heterosteginoidal 
apparatus generally shows irregularities through which the determination 
of the number of these septa is in many cases rendered illusionary, and 
often quite impossible. .... In this connection we might suggest the 
possibility that the persistency of the tops in Tan’s frequency-curves, 
on which he bases extensive considerations, may perhaps have been 
influenced by this behaviour so easily leading to a subjective judgement.” 


THE BIMODAL CURVES 


In again accepting the most likely conclusion that but one population 
is present in Mo 83, an interpretation has yet to be given of the bimodal 
curves of X and D. This bimodality cannot be accidental, the more so 
since Tan also disposed of samples in which a distinct gap may be 
recognized in the X distribution, somewhere in between the values of 
A=6 and X=12. 

The most obvious explanation is the identification of both groups of 
individuals with microspheric and macrospheric generations respectively. 
Such a relatively large amount of microspheric specimens (40 per cent in 
Mo 83) is not a common feature in Foraminifera, but it does occur in 
several groups. The range of variation of D is not too great for each of 
the generations, neither is it objectionable, though unusual, that both 
ranges touch one another or even show a slight overlapping. 

Data on the microspheric generation of Cycloclypeus are scarce. TAN 
mentioned observations on nine microspheric individuals. They are 
characterized by a small protoconch (the exact diameter of which is 
mostly not given) and by 6 to 13 ana-nepionic (operculinid) chambers. 
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In his few specimens this number shows little, if any decrease with time 
(see fig. 15). Similar results were obtained by Costsn for his Spanish 
material, in which a varies between 8 and 14 for nine observations. 

Tan found that nearly all megalospheric individuals in all species 
possess but a single undivided, operculinid chamber. The same holds true 
for most of our specimens; a is but occasionally 0 or 2. Only among our 
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Fig. 15. Scatter diagram of the relation between the number of nepionie chambers 

(X) and the number of heterosteginoidal chambers (X—a) of the microspheric 

Cycloclypeus individuals of Tan Stn Hox (1932) and of Caupri (1938), and of those 

from Mo 83. Most specimens from Mo 83 have but one ana-nepionic chamber and 
appear plotted on the line a = 1 


specimens with highest X values did we find specimens with more than 
one operculinid chamber, the maximum being probably 7. From fig. 15 
it appears that with one exception, the maximum number of heteroste- 
ginoid (= subdivided) nepionic chambers in our material amounts to 21, 
Most specimens with X smaller than 21 have but a single undivided 
chamber. Fig. 10 also gives the impression that a rapidly decreases with 
increasing size of the protoconch. This may explain that most of our 
microspheric specimens with X smaller than 21, and thus on the average 
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slightly larger protoconch, do not show their microspheric character in 
the ana-nepionic stage. Evidently, the character of this early ontogenetic 
stage is dependent on the size of the protoconch. 

Although there are but few data available, the maximal number of 
ana-nepionic chambers seems to decrease but slightly, if at all, in the course 
of the evolution of the group. Probably the total number of nepionic 
chambers in the microspheric generation is governed by two independent 
factors. The first is nepionic acceleration, which results in a decrease in 
the number of outermost subdivided chambers in the course of time. The 
second is the size of the protoconch, which at each time level influences 
the number of undivided chambers. The possession of a minimum number 
of one undivided chamber is evidently a persistent character in Cyclo- 
clypei of all time levels. It is therefore likely that beyond the level of 
reduction of the number of operculinid chambers but one, further increase 
of the size of the protoconch resulted in a reduction of the number of 
innermost subdivided chambers. This trend is actually visible in our 
microspheric specimens with X smaller than 21 and in Tan's macrospheric 
specimens and ours (see fig. 10 and 11), though correlation is not very 
high, as may be seen from these scatter diagrams. Whether the latter 
relation changed with geologic time, is not evident from the observations. 

This twofold influence on the number of nepionic chambers may be 
responsible for the wide variation of X, observed especially in COosigN’s 
material and ours. 

In the evolution of Indonesion Cycloclypei we evidently had a period 
with relatively very large numbers of microspheric individuals, the 
extreme variants of which became identical with extreme variants of the 
corresponding macrospheric generation. This feature was gradually lost 
again in later populations. Only Costsn’s older Cycloclypeus populations 
from Spain may possess similar variation, though the species involved 
here, must be considered more primitive than that from Mo 83. 

The acceptance of representatives of both generations in our sample 
would also explain the remarkable set-back in protoconch size from the 
CO. koolhoveni group to that of C. eidae. Although changes in protoconch 
size are of doubtful importance in evolution, this observed decrease would 
be enormous. Placing of the group with small protoconches in the 
microspheric generation, makes the remarkable set-back unreal. In the 
Indonesian Cycloclypei the macrospheric generation evidently showed a 
general increase in protoconch size in the course of time. The Spanish 
Cycloclypei, intermediate between the older Indonesian Cycloclypeus 
groups, both in X and probably also in the features of the microspheric 
generation, have a smaller average D than these Indonesian groups. This 
might have been caused by the wide geographic separation. But like 
other phylogenetic conclusions, this one is entirely hypothetical, as long 
as we have so much difficulty in understanding a single sample. 
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STRATIGRAPHIC CONCLUSIONS 


In our samples Bo 1439b and Mo 48a, the same two groups of individuals 
could be recognized (fig. 16), though their X /D relations are not exactly 
identical with those found in Mo 83. In stratigraphic order from old to 
young, our samples (Bo 1439b, Mo 83, Mo 48a) show a distinct decrease 
in the percentage of microspheric specimens. There appears to be but a 
very slight probability (twice P is smaller than 0.001) that these differences 
were caused by random selecting. 


EE 
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Tan placed his samples of C. eidae-posteidae in a similar stratigraphic 
order. His older samples of C. eidae lack macrospheric specimens (with X 
in between 10 and 3), after which the percentage of microspheric specimens 
decreases to about 60 per cent in his sample of C. posteidae from Sungei 
Pamuluan, eastern Borneo (see fig. 1). 
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Fig. 16. Scatter diagram of the relation between the number of nepionic chambers 
(X) and the diameter of the protoconch (D) of the sectioned Cycloclypeus individuals 
from Bo 1439b and Mo 48a respectively 


Our samples are evidently closest to C. posteidae Tan. From the 
accompanying fauna, mainly the Miogypsinae, their age is thought to 
be Burdigalian; Monier arrived at the same age determination for 


C’. posterdae. . 
Regarding the macrospheric generation there is an extensive morpho- 
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logical gap between C. koothoveni-oppenoorthi and C. eidae-posterdae, 
which gap may correspond to a considerable time interval during the 
Oligocene. Both morphologically and stratigraphically the majority of 
Cosrsn’s samples from Spain seem to fit in between these two groups. 
C. eidae might have been an immigrant in the Indonesian area and not a 
direct descendent from C. oppenoorthi, which assumption would make 
the great difference between both species more understandable. 


CONCLUSIONS 


1. Summarizing the above discussion of Cycloclypei from eastern 
Borneo, it must first of all be emphasized that the conclusions follow- 
ing next are certainly debatable, and the data susceptible to other 
explanations. 

2. General thickening of the side walls is considered to be connected 
with an environment of turbulent water. The observed wide range of 
variation of external characteristics in Mo 83 is thought to be within a 
single population. The average diameter of microspheric specimens is 
probably somewhat smaller than that of macrospheric individuals. 

3. Tan’s predominance of elementary species could not be found in 
our material. Neither did Cosisn find it in his Spanish samples. The 
saltations in the evolution of Cycloclypeus, proposed by TAN, are doubtful. 
A checking of his original material is needed. 

4. Two different groups of individuals occur in our samples. They 
are apparent from the distinctly bimodal curves, both for the number 
of nepionic chambers and for the diameter of the protoconch. These 
groups are considered to correspond to micro- and macrospheric gener- 
ations. 


5. The number of nepionic chambers is dependent on two factors. 
The first is nepionic acceleration, acting in the course of time on the outer- 
most nepionic chambers and causing a reduction of the number of sub- 
divided (heterosteginoid) chambers. The second is the size of the pro- 
toconch, apparent at each time level, which causes with increasing size a 
decrease of the number of undivided (operculinid) chambers in micro- 
spheric individuals, and which beyond a certain diameter of the protoconch 
also reduces the number of subdivided chambers in micro- as well as in 
macrospheric specimens. Whether this second factor changed with time 
could not be ascertained. 


6. In the evolution of Cycloclypeus a period has to be assumed, in 
which microspheric individuals were predominant to relatively abundant 
in the populations. Before and afterwards their relative numbers were 
probably very low. 


7. In Indonesia a time stratigraphic interval of some extent is possible 
between the described Karly and Late Oligocene occurrences of C. op- 
penoortht and C. eidae respectively. 
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